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PREFACE 


Every intelligent person recognizes the importance of science in our 
present civilization, but the extent of that recognition varies from one 
institution of learning to another, from one area to another, and from 
one group in our society to another. Science is many-sided and appeals 
to the various groups in our social structure for diverse reasons. Its 
appeal and value to scientists and technical groups are too obvious to 
need iteration; here we are concerned with its value to nonscientific 
persons and groups who are mainly interested in its applications to the 
needs of the individual and the community. Some of these practical 
applications take the form of the production of instruments, chemicals, 
and biotics for the detection and cure of the ills of man, if not mankind. 
Others take the form of providing for his leisure time, entertainment, 
instruction, and recreations such as the radio, television, motion pic¬ 
tures, and photography. Or they may lead to the creation of new 
industries, the modernization of old ones, the displacement of old skills 
by new, the improvement in modes of travel and communication. 

But this is only one aspect: the other important aspect of science is 
its continual challenge to the individual intellect that is seeking to 
understand our universe. The study of science as an increasing body 
of positive knowledge with continually expanding frontiers can be very 
exciting and stimulating. In fact, the many successes of science have 
given it such great prestige that more and more students of the Arts 
and Social Sciences are interested in learning and understanding its 
methods. This book is addressed specifically to these students. 

For over twenty years we have been experimenting at the College 
of the City of New York with courses in science designed specifically 
for the nonscience students. From this experience a new series of 
courses in science was developed by a committee consisting of members 
of each of the science departments — Biology, Chemistry, Geology, and 
Physics. This sequence, which was begun in 1945, consists of four 
semester courses of three credits each, in the following order: (I) physics, 
(2) chemistry, (3) biology, (4) geology and astronomy. Our experiences 
with earlier courses convinced us that a proper appreciation of the 
methods of science could best be developed by having laboratory work 
form an essential part of the course; hence one of the important features 
of each of these courses is laboratory and field work. 
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Physics in the Modern World contains the material covered in the 
first of these courses in science and is the outgrowth of three years of 
experience with that material in mimeographed form. This course is 
given for one semester, five hours a week; these are subdivided into one 
lecture and demonstration hour, two laboratory hours and two recitation 
hours a week. In the selection of material for this book, I have tried to 
present the evolution of the more important physical concepts, show the 
important physical laws, and indicate the methods used in their de¬ 
velopment. I hope that in this way the methods of science, particularly 
those used in physics, will become clear to the student. Historical 
material has been used freely both in the text material and in the repro¬ 
duction of portraits of many outstanding physicists. Illustrations of 
the applications of physics have been chosen wherever possible from 
topics which are of interest to the nonscience students. The mathe¬ 
matical difficulties have been reduced to a minimum, being limited to 
a knowledge of algebra and geometry. Finally, the method of relating 
the subject matter of physics to the field of major interest of a particular 
student is given in some detail in the Appendix under “Suggestions to 
Students and Teachers.” 

Although this book was prepared as the first in a sequence of 
courses in science at the C ollege of the City of New York, it is complete 
in itself and can be used for a terminal one-semester course in physics 
for the Arts and Social Science students. 


In working out this course and in waiting this book I have received 
help and advice from many persons both in and out of the college. It 
w ould be almost impossible to list all their names. I do, however, w r ant 
to thank Dr. Lewis Balamuth for the many stimulating discussions I 
had with him in the early stages of this course and for his many helpful 
ideas w’hich I have been able to utilize. I also want to thank Professors 
Robert I. Wolff and Law r rence A. Wills for their sympathetic help on 
the problems this course has presented. 


The College of the City of New York 
January , 1949 


H. S. 
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CHAPTER 


Motion 


1. Introduction 

The development of science which has taken place through the 
centuries, and with increasing tempo during the past four centuries, has 
produced far-reaching changes in our modes of life and thought. In a 
highly industrialized nation such as ours it would be extremely difficult 
to find a field of human activity which has not felt the impact of science. 
The present scientific age differs from all others in that our knowledge 
of Nature is much more extensive and much more precise than ever 
before. 

The development of science can be traced back to prehistoric times. 
Among the most important of the early scientific and technological 
achievements are the invention of tools, both of stone and of metal, the 
establishment of systems of agriculture, the use of fire for heating, 
cooking, and for metallurgy, the invention of the wheel, and the use of 
sails. One can see in these achievements the development of powers 
of observation and the acquisition of manual skills. The pace of scientific 
and technological advance was necessarily slow; craftsmen acquired 
their skills from earlier masters and from such additional information 
that they could obtain from their own observations and experience. The 
pace was quickened immeasurably when men began to analyze specific 
problems into simpler elements and to make controlled experiments which 
involved making careful observations and accurate measurements; it was 
then that the body of knowledge called science began to be formed and 
to grow. Occasionally some gifted individual was able to make some 
far-reaching generalization or see some principle which could explain 
not only the particular problem under investigation but also many 
other related problems. While many problems investigated by scientists 
arise directly from the needs of industry and agriculture, many more 
grow out of man’s curiosity concerning nature, and his desire to under¬ 
stand and extend his knowledge of it. 

The development of extensive trade between far-flung parts of the 
earth, both over land and over water, particularly after the voyages of 
discovery in the sixteenth and seventeenth centuries, gave rise to many 
problems whose solutions were urgently needed — the accurate de- 

3 
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termination of the position of a ship at sea, the maintenance of greater 
speeds over both land and sea, the determination of the factors which 
govern the weather. The new scientific attitude and scientific method 
were brought to bear on these problems, and the successes achieved in 
the solutions of some of them gave enhanced prestige to science and the 
scientific method. 

Science has grown in content and diversity as the spirit of scientific 
inquiry has spread among a larger portion of the population. The results 
produced by the investigations of individual scientists are cumulative 
and enrich our civilization. In fact, the body of knowledge known as 
science has grown to such large proportions that no one person can speak 
with authority in all its branches. Different branches require different 
skills and different techniques. Specialization by an individual scientist 
in one small branch is essential to continued progress in science, but he 
must also remain aware of the major advances in the other branches of 
science and the relationship of science to the other aspects of'our civiliza¬ 
tion. 

In this scientific age, all educated persons should possess an under¬ 
standing of what science is, what significant contributions it has made 
to our civilization, and how some of these contributions have been 
achieved. An understanding of what science is can best be obtained by 
studying science itself. An appreciation of the methods by which the 
present state of scientific knowledge has been reached can be obtained by 
examining the methods which have been and are being used by scientists 
in their investigations of selected topics or problems. 

In this book we shall treat those aspects of our technical civilization 
in which physics has played a predominant role. The major principles 
of physics, the development of important physical concepts, and the 
experimental methods used in analyzing important problems will be dis¬ 
cussed in this book in terms of their contributions to our human needs in 
modern society. They will be considered under four main headings, 

“Motion and Energy,” “Power,” “Radiant Energy,” and “The Atomic 
World.” 


2. Establishing a Science of Motion 

Motion is so universal, so easily recognizable, and so important in 
many aspects of man’s activities, it is not surprising that problems aris¬ 
ing from the motions of objects were among the earliest subjects for 
man s inventive skill and scientific thinking. One may classify these 
problems under a variety of headings. There is, for example, the 
problem of moving an object from one place on the surface of the earth 
to another place. This is the fundamental problem of the field of trans¬ 
portation. We have already mentioned that among the prehistoric 
scientific developments were the invention of the wheel and the use of 



5 


§2] ESTABLISHING A SCIENCE OF MOTION 

sails; these were revolutionary developments in the field of transpor¬ 
tation. We shall have many occasions to see how physical principles 
have been applied to the problems of transportation and to the de¬ 
velopment of new forms of transportation. 

Typical of motion that has been observed and studied for centuries 
is that of a body which falls toward the earth. In spite of the fact that 
the motions of falling bodies had been observed and studied for centuries, 
it was not until the time of Galileo (1564-1642) and Newton (1642-1727) 
that the subject of motion was put on a firm, scientific basis. Up to 
Galileo’s time it was generally believed that heavy bodies fall faster than 
light ones. This belief was probably an erroneous interpretation of the 
teachings of Aristotle (3S4-322 b.c.), who had observed that, in a re¬ 
sisting medium such as air or water, heavy bodies attained higher speeds 


Fig. 1 . Galileo Galilei (1564- 
1642). Founder of modern scientific 
method. Discovered the laws of 
motion of freely falling bodies and 
of bodies moving along inclined 
planes. Constructed a telescope 
with which he observed the surface 
features of the moon and discovered 
four of the moons of Jupiter; his 
observations helped to establish the 
validity of the heliocentric theory of 
the universe. (Courtesy of Seri pin 
Mathemalica.) 



than light bodies. Galileo began to doubt the correctness of the idea 
that heavy bodies fall faster than light bodies after he had observed that, 
when the mast of a ship was broken during a storm, parts of the heavy 
mast and lighter spars reached the deck simultaneously. In thinking 
about this problem he imagined the case of two identical bricks which, 
if they fell side by side, would reach the ground at the same time; if they 
were cemented together, Galileo reasoned that they should still fall at 
the same rate. But thinking about the problem was not sufficient. 
Galileo introduced the method of subjecting his ideas and thoughts to 
careful experiments and thus laid the foundations not only for the 
science of motion but for the entire science of physics. Whether Galileo 
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actually performed the experiment of dropping two objects from the 
leaning tower of Pisa is very doubtful, but he did perform experiments 
with bodies rolling down inclined planes and from these experiments he 
developed the laws of falling bodies. 



Pig. 2. Aristotle (384-322 b.c.). 
Philosopher and scientist; great sys- 
tematizer of knowledge and one of 
the originators of the inductive 
method. Made important contribu¬ 
tions to biology, meteorology and 
physics. His ideas had great influ¬ 
ence until the Renaissance in 
Europe. (Courtesy of Seri pin 

Mathematical 

\ 


T he method introduced into physics by Galileo consists principally 

of three steps. The first is to use previous knowledge and experience to 

delimit the new problem at hand; that is, to exclude from consideration 

all but the few relevant factors. The second is to perform controlled 

quantitative experiments on these relevant factors. The third step, the 

most difficult of all, is also the most difficult to describe. It may consist 

of an effort to put these results in such a form that they will fall within 

the compass of some known generalization or physical law. Or failing 

this, the scientist may attempt to present some hypothesis, or some 

generalization, preferably of a quantitative nature, as an outgrowth of 

these experiments. Such an hypothesis or generalization will usually 

suggest some new experiments to be tried. These may be found to fit 

in with the new ideas, or they may suggest slight modifications, or they 

may even show that the hypothesis or generalization is incorrect for any 

one of a number of reasons such as insufficient data, or lack of good 

quantitative data, or the neglect of factors which should not have been 
ignored. 

Ihe position occupied by science, and the science of physics in 
particular, in our present civilization is due principally to the use of the 
scientific method in the investigation of the wide variety of problems 
that occur in nature. We shall show, by example, how the scientific 
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method has been applied and is being applied to physical phenomena, 
and some of the remarkable results achieved thereby; and we shall also 
make some suggestions of things still to come. 


3. Speed and Velocity 

In experiments on the motion of bodies, the quantities that can be 
measured most readily are the distance traversed bv the body and the 
time required to traverse this distance. Of the various types of motion, 
let us start with the simplest, that in which the body traverses equal 
distances along a straight line in equal intervals of time; this type of 
motion is described as uniform motion in a straight line. The speed of 
the body performing this motion is defined as the distance traversed divided 
by the time elapsed; or, written in the form of an equation, 

distance 

speed = —:-- 

time 


This equation can be written with letters replacing the words as follows: 

( 1 ) 

in which v represents the speed of the body, d the distance traversed, 
and t the elapsed time. For example, if a train, moving along level tracks, 
traverses 88 feet during every second of its motion, its speed is 88 feet 
per second, sometimes written as 88 ft/sec. The distance may be 
measured in other units such as yards, or miles, and time may also be 
measured in other units such as minutes or hours. For example the 
speed of the above train can be given as 00 mi/hr, since this is equiva¬ 
lent to a speed of 88 ft/sec. This can easily be verified: there are 5,280 ft 
in one mile and 3,000 seconds in one hour; therefore 



mi 00 X 5,280 ft QO 

60— = - = 88 ft/sec. 

hr 3,000 sec 


In discussing the motion of a train or any other body, it soon be¬ 
comes apparent that stating its speed does not specify its motion com¬ 
pletely. It is also important to know the direction of the motion. 
Whenever the specification of the direction of the motion is important, 
the term velocity is used; the velocity of a body is its speed in a given 
direction. In the above example, if the train were moving due west we 


would say that its velocity is GO mi/hr west. 

A physical quantity which has both magnitude and direction is 
called a vector quantity. Velocity is a vector quantity. Any vector 
quantity can be represented graphically by an arrow drawn so that its 
direction represents the direction of the vector quantity and its length, 
drawn to some convenient scale, represents the magnitude of the vector 
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quantity. For example, by choosing a scale so that a length of 1 inch 
represents a speed of 20 miles an hour, a line 3 inches long will represent 
a speed of 60 miles an hour. (See Figure 3.) On this scale, a line 3 
inches long drawn from east to west with an arrowhead at the end 
will represent a velocity of 60 miles per hour. An arrow drawn to 
represent the magnitude and direction of a vector quantity is called a 
vector. 

Scale: )" =20 mi/hr 

i-1-1 


V — 60 mi /hr 

Fig. 3. A vector representing a velocity of 60 mi/hr 
toward the west. Scale of the drawing is 1 inch = 20 mi/hr. 


As an example of the use of equation (1), suppose that it is desired 
to determine the velocity of an airplane which flies from New York to 
Montreal, a distance of 330 miles in 2 hours and 10 minutes, assuming 
that its speed is uniform. Substituting these values in equation (1), we 
get 


v 


330 mi 
2.17 hr 


= 152 mi/hr. 


Since it is traveling due north, the velocity of the airplane is 152 mi/hr 
north. 

If we are interested in the distance traversed by a body traveling 
with a constant speed for a known time interval, we can rewrite equa¬ 
tion (1) in the more convenient form: ^ 




Suppose, for example, that we are traveling in a car along a straight road 
at a constant speed of 40 mi/hr; the distance traversed in 15 minutes 
will be 



1 , 

X - hr 
4 


10 mi. 


Physical quantities generally have units associated with their 
numerical values. The correct units must always be used with these 
values. In the above example, since the speed was expressed in miles 
per hour, the time was converted from minutes to hours so that the 
distance would be expressed in miles. Other units could have been used. 
For example, since 45 mi/hr is equivalent to 66 ft/sec, expressing the 
time in seconds we get 

d = 66 — X 15 X 60 sec = 59,400 ft. 
sec 




RELATIVE MOTION 


9 


§4] 


B 


4. Relative Motion 

When we talk about the motion of a car or train, we usually imply 
that this motion is taking place relative to the surface of (he earth or 
with respect to some point on this surface. The surface of the earth 
thus acts as a frame of reference for describing the motion. For example, 
when we say that the speed of a train is 50 miles per hour, we mean that 
this is its speed with reference to the surface of the earth or with refer¬ 
ence to some specific point such as the railroad station, or the tracks, 
and so forth. In general, when the frame of reference is not specified, 
we shall assume it to be the surface of the earth. 

Even when we are supposedly at rest, that is, with reference to the 
surface of the earth, we may actually be in motion with respect to some 
other frame of reference. For example, since the earth rotates on its 
axis once every twenty-four hours, points on the surface of the earth 
move in circular paths with speeds which depend upon the latitudes of 
these points; at the equator the speed is about 1,000 miles per hour; 
at 45° latitude, N or S, the speed is about 700 miles 
per hour. In addition, the earth revolves around the 
sun once every year; the speed of the earth around 
the sun is about 18.6 miles per second; the sun itself 
is in motion with respect to the other stars. Hence 
an object at rest on the surface of the earth has a 
very complex motion with respect to one of the stars. 

The description of the motion of any object thus 
depends upon the frame of reference, or, stated simply, 
all motion is relative. 

The method of treating relative motion can be 
illustrated with a few simple cases. Suppose that a 
train is moving with a speed of 40 miles per hour 
with reference to the tracks. If a passenger walks 
toward the forward part of the train with a speed of 
3 miles per hour relative to the train, his speed rela¬ 
tive to the ground is 43 miles per hour in the same 
direction as the train. If, while the train is still in 
motion at the same speed, the man reverses his direc¬ 
tion and walks at the rate of 3 mi/hr relative to the 
train, his speed relative to the ground is now 37 mi/hr 
forward. Suppose that the man walks across the car, 
that is, at right angles to the direction in which the 
train is moving, what is his speed relative to the 
ground? This can best be determined by using the 
vector method of adding velocities. Let the line AB 
of Figure 4 represent the velocity of the train, say 


o 

■*T 


3 mi/hr 

Fig. 4. Method of 
determining rela¬ 
tive velocity with 
the aid of a paral¬ 
lelogram. 


40 mi/hr, and AC, which is at right angles to AB, represent the velocity 
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of the man 3 mi/hr relative to the train. The man in the train has 
these two velocities simultaneously and in any given time interval 
moves a distance proportional to the length of AD in its direction and a 
distance proportional to the length of AC in its own direction; that is, 
his motion relative to the ground is along the line A D, the diagonal of the 
parallelogram formed with AD and AC as sides. The vector AD repre¬ 
sents the velocity of the man relative to the ground, both in magnitude 
and in direction. His speed in the direction AD is 40.1 mi/hr. This 
value can be determined either by measuring the length of AD when 
the vectors are drawn to scale, as in Figure 4, or from the relationship 


AD 2 = A B 2 + AC 2 

so that AD = V1,600 -f- 9 = 40.1 mi/hr. ( 

As another example of relative motion consider the case of a motor 
boat which can normally do 6 miles an hour in still water. Suppose 

^ that the boat goes downstream when the current in 

the stream is 2 mi/hr. The velocity of the boat relative 
to the banks of the stream will be the vector sum of 
its velocity relative to still water, the vector AD in 
Figure 5 and the velocity of the water relative to 


E 

O 


6 

co 


8 


its banks, shown by the vector 
BC. The sum of the two veloc¬ 
ities is, of course, 8 mi/hr down¬ 
stream, shown by the vector AC. 

Let us suppose that the boat 
goes upstream. Its velocity rela¬ 
tive to the banks can be found 
by adding the vector AD and the 
vector DC, now in a direction 
opposite to AD. (See Figure 6.) 


B 


E 

CM 


The vector sum AC is 4 mi/hr 
upstream, and represents the ve¬ 
locity of the boat relative to the 
banks of the stream. 

A type of motion of common 
occurrence is one in which the 
boat goes directly across the 
stream. If the boat is headed 
directly across the stream, the 
current will carry it downstream 
at 2 mi/hr and its resultant motion will be with the velocity AD shown 
in Figure 7; it will reach the opposite shore at some distance below 
the desired landing place. In order to reach the desired point on the 
opposite shore, the boat should be headed in the direction AD as shown 


Fia. 5. Velocity of 
a boat relative to 
the shore when the 
boat is moving 
downstream. 


Fiq. 6. Velocity of 
a boat relative to 
the shore when the 
boat is moving up¬ 
stream. 
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in Figure 8. This direction is determined by the fact that the velocity 
of the current BC downstream of 2 mi/hr, when added to the velocity 

6 



Fig. 7. Velocity of a boat rela¬ 
tive to the shore when the boat is 
headed across the stream. 



Fig. 8. Method of determining 
the velocity of a boat which 
travels directly across a stream. 


of the boat 6 mi/hr along AB, will carry the boat directly across the 
stream in the direction AC. Its velocity in this direction will be 

^36 — 4 mi/hr or about 5.7 mi/hr. 

We have considered only a few special cases of relative motion, 
enough to show the use of the vector method of treating relative veloci¬ 
ties. These vectors need not be confined to parallel or mutually perpen¬ 
dicular directions; they may have any directions whatever. We have 
used two slightly different methods for the addition of two vectors; one 
is the parallelogram method such as that shown in Figure 7, and the 
other, shown in Figure 8, may be called the triangle method. We shall 
show in a later example that these two methods lead to identical results. 

The results obtained above 
can be generalized as follows: if 
u represents the velocity of the 
body with respect to a moving 
frame of reference, and w repre¬ 
sents the velocity of the moving 
frame of reference with respect to 
the earth, then the velocity v of 
the body with reference to the 
earth is given by the equation 


(3) 


where the addition of velocities 
is to be performed by vector 

methods. 

As an illustration of the use 
of this general method consider 
the case of an airplane which is 
headed due south with a velocity 





tion of the velocity 
of an airplane rela¬ 
tive to the ground 
with the aid of a 
parallelogram. 


tion of the velocity 
of an airplane rela¬ 
tive to the ground 
with the aid of a 
vector triangle. 


u of 200 miles per hour and sup¬ 
pose that there is a wind from the northwest, with a velocity w of 50 
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miles per hour; then the velocity of the airplane v with respect to the 
ground can be found by adding u and w vectorially. One method is to 
draw a parallelogram with u and w as sides using some convenient 
scale, say 1 inch to represent 100 miles per hour. (See Figure 9.) 
The diagonal of this parallelogram is v, the vector sum of u and w. 
By measuring its length, it will be found that v = 237 mi/hr in the direc¬ 
tion shown. The second method is to draw u to scale as shown in 
Figure 10, then start w at the end of u and draw it to scale in the 
proper direction. The sum v is the vector from the beginning of the 
first one to the end of the second. It will be noted that this triangle is 
just one part of the parallelogram of Figure 9. The sum of two or more 
vectors is sometimes called the resultant of the vectors. 

5. Accelerated Motion 

We have thus far restricted our discussion to the simplest type of 
motion, namely, motion with uniform speed in a straight line, or, stated 
more concisely, motion with constant velocity. But in almost every 
problem concerning the motion of a body, it will be found that its 
velocity changes at some time or other. There are many ways in which 
the velocity of a body may change. For example, the motion may be 
along a straight line and the speed of the body may be either increased 
or decreased. Another type of motion is one in which the speed may 
remain constant but the direction of the motion may change. Or both 
the speed and the direction of motion may be changing simultaneously. 

It is obvious that a discussion of the most general type of motion 
can become very involved. Hence we will again delimit the problem by 
considering some special types of motion. One simple type of motion 
is that in which the speed changes at a constant rate while the body 
continues to move in a straight line. 

Suppose we consider the case of a car initially at rest which is 
started slowly, and has its speed increased gradually at a constant rate. 
The rate at which the speed increases can be obtained by reading the 
speedometer at regular intervals of time. The motion of the car may 
be shown on a graph as in Figure 11, in which the speed in miles per 
hour is plotted along the vertical axis; the time in seconds at which the 
car had this speed is plotted along the horizontal axis. Suppose, for 
example, that the speed increases at the rate of 3 miles per hour every 
second for the first 8 seconds and then remains constant. The line OA 
on that graph shows the speed increasing from zero to 24 miles an hour 
during the first 8 seconds, and the horizontal line AB shows that the 
speed is constant at 24 miles an hour after the first 8 seconds. 

This discussion may be considerably simplified and at the same 
time made quantitative by the introduction of a new term called the 
acceleration of the body. 
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Acceleration is defined as the time rate of change of velocity; that is, 
the change in velocity divided by the time required to make this change. 

Written in the form of an equation, this becomes 

, . change in velocity 

acceleration = -:- 

time 

final velocity-initial velocity 

time 

or, in symbols 

in which a represents the constant acceleration of the body, vo its initial 
velocity, v its final velocity, and t the time elapsed during the change in 

velocity. 



Fig. 11. Graph showing the speed of a car which, starting from rest, moves 
with a constant acceleration for a given time and then continues to move with 

uniform speed. 



v = 0 


a = 3 mi/hr sec 



v=24 mi/hr 

-- 

o = 0 


/=0 


1 = 8 sec 


Fig. 12. Values of the velocities and accelerations of the car at the beginning 

and at the end of the accelerated motion. 

In the special case in which the body starts from rest, that is, 



u MOTION [Ch. I 

v 0 = o, and is accelerated to its final velocity v in time t, the equation 
for the acceleration becomes 

v — 0 
a = —;— 



Acceleration is also a vector quantity; in the special case considered 
above, the acceleration is in the same direction as the velocity. The final 
velocity v acquired by the body may be written as 




In the particular case discussed above (see Figure 12), the accelera¬ 
tion of the car during the first 8 seconds is 3 mi/hr per sec; therefore the 
speed acquired at the end of 8 seconds is 


v 


3 mi/hr 
sec 


X 8 sec = 24 mi/hr. 


As another illustration, suppose that a train starts from rest and 
acquires a speed of 60 mi/hr in 12 seconds. Its acceleration, assumed 
constant, is 

60 mi/hr „ mi/hr _ mi 

a = —-- = 5- = 5 :- 

12 sec sec hr sec 


As mentioned previously, the numerical value that is obtained for 
a physical quantity depends upon the units in which the quantity is 
expressed. In the above example, the speed of 60 mi/hr is the same as 
88 ft/sec, so that the acceleration may be written as 


a 


88 ft/sec 
12 sec 


7.33 ^ = 
sec 


7.33 


ft 

sec 2 


The acceleration of the train can therefore be expressed as 5 mi/hr sec 

ft 

or as 7.33 —- (read feet per second squared). The proper units must 

sec- 

always be given with the numerical value of any physical quantity. 
There are many physical units in actual use; those which are needed 
for our discussions will be introduced at the appropriate places. 

In our discussion of motion with constant velocity, the term speed 
was defined as the distance traversed by the body divided by the time 
elapsed. We can extend this definition to cover nonuniform motion 
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by introducing the term average speed as the distance traversed divided 

by the time, that is, distance 

average speed = ■ 


time 


or, in symbols, 



(7) 



in which v (read c-bar) represents the average speed of the body. The 
distance traversed by the body is now given by 

( 8 ) 

In the case of uniform motion, the average speed is the same as 
the speed at any instant. In the case of nonuniform motion, the value 
of the average speed will depend upon the manner in which the speed 
varies. If the motion takes place with constant acceleration, the speed 
of the body is changing at a constant rate; hence the method of aver¬ 
aging is simply to take one half the sum of the initial and final speeds. 
In the particular case of motion with constant acceleration in which 
the initial speed is zero and the final speed is v, the average speed is 
simply half of the final speed or v 

v = 2 

The distance traversed in this case becomes 


v 


and since 
we get 


d = -»t = -t, 
v = at 



(9) 


that is, the distance traversed is equal to half the acceleration multi¬ 
plied by the square of the time. To make this statement another way, 
if a body starts from rest and moves with constant acceleration, the 
distance it traverses is proportional to the square of the time; the factor 
of proportionality is one half of the acceleration of the body. 

For example, suppose that a car, starting from rest, moves with 
constant acceleration and traverses a distance of 2 feet in the first 
second. The distance that it traverses in the first two seconds is four 
times 2 feet or 8 feet; the distance that it traverses in the first three 
seconds is nine times 2 feet or 18 feet. In each case the distance is 
found by multiplying the square of the time by the distance covered in 
the first second. 

In most cases in which the distance traversed in a given time is 
specified, it is probably more convenient to use equation (9) 

d = \ai 2 
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and first determine the acceleration of the body; thus 

2 ft = Ja( 1 sec) 2 


or 



ft 

. • 

sec 2 ’ 


and then use this value of the acceleration to obtain any other desired 
information. For example, suppose that it is desired to know how far 
this car will travel in twelve seconds and what speed it will have acquired 
at the end of this time. 

From equation (9), using the value of the acceleration already 
found, we get 

ft 

d = \ X 4 —- X (12 sec) 2 

sec 2 

from which d = 288 ft. 


The speed that this car will have at the end of twelve seconds can 
be found with the aid of equation (fi), 

v = at, (6) 


from which 



ft 

—- X 12 sec 
sec 2 


ft 

y = 48- 

sec 

It is frequently convenient to be able to determine directly the 
speed v acquired by a body which has traversed a distance d under the 
constant acceleration a. This can be obtained by substituting the 
value of the time t from equation (6), 

v 

t = a’ 

into equation (9) 

v 2 

d — %at- — \a—, 

a 2 


so that 



_y2 

2 a 


or 




An an illustration of the manner of using the above equation, 
suppose that an airplane has to acquire a speed of 120 miles an hour in 
order to get safely into the air, and that the length of the runway is 
1000 feet. To determine the minimum safe acceleration for this plane, 
let us solve equation (10) for the acceleration a, 



y 2 

2d ’ 
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and since v = 120 mi/hr = 176 ft/sec, and d = 1,000 ft, 

(,76-S-Y 

“ " 2 XI,ft " ' 5 S " 

For the sake of simplicity we have thus far considered only those 
cases of accelerated motion in which the speed of the body increases at 
a constant rate. In this type of motion, the acceleration is constant and 
in the same direction as the velocity of the body. It is a relatively 
simple matter to extend this treatment to those cases of accelerated 
motion in which the speed of the body decreases at a constant rate. 
In this type of motion the direction of the acceleration is opposite to 
that of the velocity of the body. By considering that the body has a 
negative acceleration, the equations already derived can be used in 
discussing this type of motion. 

In the special case in which the body is brought to rest with a 
constant negative acceleration, we may use the equations already 
derived, with a reinterpretation of the symbols. The initial velocity of 
the body will be represented by v and the negative acceleration by a; 
the final velocity is now zero. 



□ □ 3 □ no 


v = 75 mi/hr 




Fig. 13. 

For example, suppose that a train moving at a speed of 75 miles 

per hour has to be brought to a stop in a distance of one half of a mile 

(see Figure 13). Its minimum acceleration can be determined from 

equation (10) directly, 

v 2 (75 mi/hr) 2 ... . ,, „ 

a — — = --; = 5,625 mi/hr 2 . 

2d 2 X 0.5 mi 

The value of the acceleration in this form is probably of very little 

mi/lir 

significance. Even if expressed as 5,625 , it would not mean 

much more. However, since there are 3,600 seconds in one hour, we may 
write this acceleration as 

5,625 mi/hr , _. mi/hr 

a = - - 1.5b - • 

3,600 sec sec 

This result can be interpreted more readily. In order for the train to 
stop within the prescribed distance, the brakes would have to be set so 
that the speed of the train would be decreased at the rate of 1.56 mi/hr 
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during every second. The time required to bring the train 
would be 



75 mi/hr 


1 . 56 ^ 


48 sec. 


sec 


to a stop 



Speed in miles per hour 


Fiq. 14. Graph showing the distance a body will travel before coming to a 
stop if it is moving with a given speed and has the constant negative accelera¬ 
tion shown on any of the curves. 


In general it is rather difficult to handle mixed units such as hours 
and seconds for the same physical quantities in the same problem. A 
physicist handling this problem would prefer to convert miles into feet 
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and hours into seconds. For 75 mi/hr he would use its equivalent 
110 ft/sec, and the acceleration would become 

a = ^_ = (110 ft/sec) 2 ft 

2d 2 X 264 ft “ ’ 21 sec 2 ’ 

which means that the speed of the train would be decreased from 
110 ft/sec to zero at the rate of 2.21 ft/sec for every second of the motion. 
The time required to do this would be 



a 


110 ft/sec 
2721 ft/sec 2 


48 sec. 


The result must be the same no matter what set of units is used. 
Our understanding of it may depend upon the quantities and the units 
we are accustomed to using. 


6. Acceleration of Freely Falling Bodies 

The concepts needed for the study of motion with constant acceler¬ 
ation were first clearly formulated by Galileo as a result of his investi¬ 
gations of the motions of bodies down inclined planes. He was led to 
these investigations because of the difficulties involved in making 
measurements with bodies falling freely toward the earth. The quanti¬ 
ties that can be measured in such experiments are distance and time. 
The timing device used by Galileo was a water clock, in which a time 
interval was measured by the amount of water dripping out of a con¬ 
tainer. The reader could probably understand the difficulties a little 
better if he were to try to measure the time taken by a baseball to fall 
through any reasonable height. If, for example, the reader used a 
very good watch to measure the time taken by a ball to fall from the 
ceiling to the floor of his room, he would find that his watch is not of 
much value in measuring such a very small time interval. Unless the 
height of the room is at least sixteen feet, it will take less than one 
second for the ball to reach the floor when dropped from any point in 
the room. To make successful measurements on the motion of falling 
objects one must use great heights, or, if only moderate distances of 
fall are used, it is necessary to use timing devices capable of measuring 
very small time intervals. 

Another important factor which must be taken into consideration 
in the discussion is the effect of the resistance of the air to the motion 
of a body through it. A more detailed discussion of this effect will be 
considered in the next chapter. In general, a body moving through air 
experiences a resistance to its motion which depends upon the size and 
shape of the body, upon its speed, and upon the composition of the air. 
Galileo recognized the effect of air resistance on falling bodies and rea¬ 
soned that if air resistance could be removed or made negligible, all 
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bodies would fall with the same acceleration. This can be demonstrated 
by putting a piece of metal and a piece of paper of the same shape into 
a tall glass tube which is closed at one end and fitted with a stopcock at 
the other (see Figure 15). If the two bodies are allowed to fall the length 
of the tube when there is air in it, the piece of paper will be found to trail 
behind the piece of metal. When the experiment is repeated after the 
air has been pumped out of the tube, it will be found that the two 
objects reach the bottom simultaneously. 





Fig. 15. Experiment to 
demonstrate the influence 
of air resistance on the 
motion of falling bodies, 
(a) Paper and metal disks 
of the same size and 
shape, which started from 
the same height, fall 
through the air. (b)Same 
as (a) except that the air 
has been pumped out of 
the tube. 
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Fig. 16. The free fall of a 
baseball. The positions 
and velocities of the ball 
are shown at intervals of 
one second. 


The results of measurements on the acceleration of freely falling 
bodies in cases where air resistance is negligible show that this acceler¬ 
ation is constant and the same for all bodies at any one point on the 
earth’s surface. Its value is practically 32.2 ft/sec 2 . It varies slightly 
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from point to point over the surface of the earth, but unless otherwise 
noted we shall ignore this slight variation. For many purposes it will 
be sufficiently accurate to use the approximate value a = 32 ft/sec 2 . 

It is worth while discussing the motion of freely falling bodies in 
greater detail because of the important concepts that are involved. 
Consider the example of a baseball that is dropped from a very tall 
building or from a cliff. When we say that a ball is dropped we mean 
that its initial speed is zero (see Figure 16). Since the acceleration is 
always 32 ft/sec 2 , at the end of the first second it will have acquired a 
speed of 32 ft/sec downward. Since its speed is changing at a constant 
rate, its average speed during this first second of fall is half the sum of 
its initial and final speeds, or 

0 + 32 ft/sec 

v = -—- = lb It/sec 

ml 

where v is the average speed. Since it traveled for one second with an 
average speed of 16 ft/sec, the distance traversed during the first second 
is 

d = vt = 16 ft/sec X 1 sec = 16 ft. 

At the end of the second second it will have acquired an additional 
speed of 32 ft/sec so that its speed will then be 64 ft/sec; at the end of 
the third second it will again have acquired an additional speed of 
32 ft/sec so that its speed at the end of 3 seconds will be 96 ft/sec. 
The average speed of the ball during these three seconds is 48 ft/sec 
and the distance traversed is 144 ft. 

We have already derived all the equations needed for the discussion 
of motion with constant acceleration and zero initial speed. These 
equations can be used for discussing the motion of a freely falling 
body by merely using the value a = 32.2 ft/sec 2 . Since all freely 
falling bodies at any one point on the earth’s surface have the same 
acceleration, it is common to use another letter, g , to represent this 
acceleration. The equations of motion for a freely falling body can be 
rewritten as 

(ID 
( 12 ) 

(13) 

(14) 

As an illustration of the use of these equations let us consider the 
following simple examples. 

A steel ball is dropped from a height of four feet. How long will it 
take to reach the floor? With what speed will it reach the floor? 

For most purposes it will be sufficiently accurate to use the value 


d = vt 
v = gt 
d = \gt 2 

v 2 = 2<7f/. 
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g = 32 ft/sec 2 . 
4 ft, we get 


from which 
or 


Using equation (13) and substituting for d its value, 


ft 

4 ft = h X 32 — X t\ 

sec 2 

t 2 = \ sec 2 
t = 0.5 sec. 


For the speed with which the ball reaches the ground, we can use equa¬ 
tion (12), 

obtaining v = 32 ft/sec 2 X 0.5 sec, 

or v = 16 ft/sec. 

As another example, consider an antiaircraft gun firing a shell 
with a muzzle velocity of 1,500 ft/sec. If air resistance could be neg¬ 
lected, what is the maximum height that the shell could reach? 

The maximum height will be reached when the shell is fired ver¬ 
tically upward. Let us call v the initial speed of the shell as it leaves 
the gun; the acceleration of the shell will always be g and directed down¬ 
ward; that is, the speed of the shell will decrease continually until it 
becomes zero, at which time it will be at the maximum height. As 
explained previously, we can use the above equation in this case if we 
interpret v as the initial speed. Substituting numerical values in equa¬ 
tion (14), we get 

/ ft \ 2 ft 

( 1,500 — ) = 2X 32 —-Xd 
\ sec/ sec 2 

from which d = 35,000 ft approximately, 

or d = 6.7 miles. 

Air resistance will act to decrease the speed of the shell, and it 
therefore will not rise to a height of 6.7 miles, but the solution of a 
problem in this way does give us the upper limit to the maximum vertical 
range of the shell. 


QUESTIONS AND EXERCISES 

1. An airplane is traveling due south at a constant elevation and constant 
speed. Is it moving with uniform velocity? 

2. Look up in some almanac or encyclopedia the speed records made in 
national or international races such as the Indianapolis Speedway races, the 
Cleveland Air Trophy races, and others. Plot a graph showing the speed of the 
winner against the year of the race. What conclusions can you draw from 
each graph? 

3. In 1933 Wiley Post flew around the world in a single-engine monoplane 
and covered a distance of 15,596 miles. The total time that the plane was in 
the air was 115 hours and 36 minutes; the total elapsed time was 186 hours and 
49 minutes. Determine the average flying speed. 
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4. In 1947 William P. Odum flew around the world in a converted Army 
A-26 attack bomber and covered a distance of 19,645 miles. The total time that 
the plane \va§ in the air was G3 hours and 15 minutes; the total elapsed time was 
73 hours and 5 minutes. Determine the average flying speed. 

6. On August 25, 1947, the Navy Douglas Skystreak jet plane, piloted by 
Marine Major Marion Carl, flew over a 3-kilometer (1 kilometer = 0.6214 miles) 
course at Muroc, California, and set a world’s speed record for that time. The 
press reported that he made four runs over this course at the following speeds: 

1. 652.642 mi/hr 

2. 649.358 mi/hr 

3. 652.579 mi/hr 

4. 648.730 mi/hr 

(a) Assuming that there is no typographical error in this report, how would 
you specify the average speed of the plane? (b) Assuming that the plane flew 
at constant speed, determine the time of flight over the course on each run. 
Discuss the required accuracy of the timing device used in such tests, and the 
accuracy with which the distance must be surveyed. 

6. An airplane with a normal speed of 250 miles per hour in still air is 
traveling against a head wind of 40 miles an hour for a distance of 150 miles. 
Determine the time of flight. 

7. An airplane with a normal speed of 200 miles an hour in still air is favored 
by a tail wind of 60 miles per hour for a distance of 80 miles. Determine the 
time of flight. 

8. The normal cruising speed of a river steamer in still water is 12 miles 
per hour. The current in the river has a speed of 3 miles per hour. The steamer 
plies between two cities 40 miles apart. How long does the trip take (a) up¬ 
stream? (b) downstream? (c) What is the average speed for a round-trip 
journey? 

9. A ferry boat plies between two points directly opposite each other 
i mile apart. The boat is capable of going 8 miles an hour in still water. The 
current in the river is 2 miles per hour. Determine the shortest time for each 
trip. 

10. A pennant hangs from the mast of a river boat which is moored to the 
dock on a day when there is no breeze. The boat then starts moving upstream 
and the pennant flutters in the breeze created by the motion of the boat. In 
what direction is this breeze? 

11. On a day when the wind is from the west, a boat is sailing due north. 
In what general direction will the pennant fly? 

12. An airplane whose normal speed in still air is 300 miles per hour must 
travel due south, (a) What course must the pilot set when there is a wind from 
the west of 50 miles per hour? (b) What will be the velocity of the airplane 
with respect to the ground? 

13. An airplane whose normal speed in still air is 200 miles per hour must 
travel due west. What course must the pilot set when there is a wind from the 
northwest of 40 miles per hour? 

14. A car, starting from rest, acquires a speed of 40 miles per hour in 8 sec- 
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onds. (a) Determine the acceleration of the car, assuming it to be constant, 
(b) What distance will the car have traveled in this time? 

16. An airplane must acquire a speed of 80 miles per hour to take off from 
a runway 1,000 feet long, (a) Determine the minimum acceleration of the air¬ 
plane, assuming it to be constant, (b) How long will it take to acquire this 
speed? 

16. A train traveling at 60 miles per hour must be brought to a stop within 
a distance of 1,500 feet, (a) Determine the negative acceleration of the train, 
assuming it to be constant, (b) How long will it take to stop? 

17. A ball is thrown upward with an initial speed v. Show that it will have 
the same speed v when it returns to its starting position. 

18. Discuss the motion of the passengers relative to the car (a) when the 
car is started with a large acceleration, (b) when the car is stopped suddenly. 

19. If a good stop watch is available, perform an experiment to deter¬ 
mine g by timing the fall of a golf ball through some convenient distance in the 
room. Make several trials to see how well the results can be reproduced. Cal¬ 
culate g from your experiment. 

20. A ball is dropped from a height of 48 feet. Determine (a) the time it 
takes the ball to reach the ground and (b) the speed it has when it reaches the 
ground. 

21. A ball is thrown upward with a speed of 64 ft/sec. Determine (a) how 
high up it will go, (b) how long it will take to reach the highest point, and (c) the 
speed it will have when it comes back to the starting point. 



CHAPTER 


Force and Motion 


1. Laws of Motion 

Among Galileo’s historic experiments were those on the motions 
of bodies down inclined planes. Galileo was convinced that bodies 
falling near the surface of the earth had the same acceleration. From 
this he reasoned that bodies moving down smooth inclined planes would 
all acquire the same speed if they started from the same height. Fol¬ 
lowing up this type of reasoning he performed a series of experiments in 
which a ball, after rolling down one inclined plane, was allowed to loll 
up a second inclined plane attached to the first one (see Figure 1). 



Galileo found that the ball would move up the second plane until it 
reached a point whose vertical height was almost equal to the vertical 
height from which it started. When the inclination of the second plane 
was -made smaller, the ball traveled a greater distance along the plane 
and reached the same height. He reasoned that if the second plane 
were horizontal and sufficiently long, the ball would continue moving 
along the plane with undiminished speed, provided there were no 

opposing forces. 

We know from experience that it is impossible to eliminate resisting 
forces such as friction and air resistance, although in many cases they 
can be made very small by the use of lubricants, roller bearings, and 
properly shaped surfaces. We can counteract the effect of these re¬ 
sisting forces and keep a body moving with constant speed by supplying 
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additional forces from some source of power. For example, if a train is 
moving with uniform speed along straight, level tracks, the engine 
supplies the necessary force to counteract the effect of the resisting 
forces. If the train is moving to the right as shown in Figure 2, the 
engine supplies the force which acts toward the right, while the resisting 
forces of friction and air resistance act toward the left. These two sets 
of forces are equal in magnitude and opposite in direction and their 
sum or resultant is zero. 



Fig. 2. A train moving with uniform speed in a straight line along a level track 
is in equilibrium. The force F exerted by the engine is equal in magnitude to 
the sum of all the resisting forces H which oppose the motion. The force P\ 
exerted upward by the tracks is equal to the weight W\ of the locomotive. Sim¬ 
ilarly P 2 = W 2 . The resultant of all the external forces acting on this train is zero. 

The knowledge then extant concerning the motion of bodies was 
formalized by Sir Isaac Newton (1687) in a series of three statements 


Fig. 3. Sir Isaac Newton (1642- 
1727). One of the greatest physicists 
of all time. Developed the law of 
universal gravitation. Epitomized 
the subject of mechanics in the three 
laws of motion which bear his name. 
The publication of his Principia, the 
Mathematical Principles of Natural 
Philosophy, in 1687, was an epoch 
making event for science. Made im¬ 
portant contributions to optics. 
(Courtesy of Scripta Mathemalica.) 


A, • • 
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which have since become known as Newton’s three laws of motion. In 
these laws he introduced the concept of force. This was one of his great 
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contributions. Galileo had studied the motions of bodies, had made 
accurate determinations of the velocities and accelerations of bodies, 
and had formulated a statement equivalent to Newton’s first law but 
he had not arrived at the concept of force. Newton, by introducing 
the concept of force and formulating the laws of mechanics in terms 
of the actions of forces, laid the foundation not only of the subject of 
mechanics, but of other branches of physics as well. 

Neu'ton's first law states that a body at rest will remain at rest, and a 
body in motion will continue in motion with undiminished speed in a 
straight line, as long as no unbalanced external force acts on it. 

This law, sometimes called the law of inertia or Galileo's law, states 
that a body which remains at rest and a body which is moving with 
constant velocity have one characteristic in common, that is, there is 
no unbalanced external force acting upon either one. A body, whether 
it remains at rest, or in uniform motion in a straight line, is said to be in 
equilibrium; it will remain in equilibrium as long as the resultant force 
acting on it equals zero. 

When the resultant force is no longer zero, that is, when there is 
an unbalanced force acting on it, the body is no longer in equilibrium. 
Newton’s second law gives the relation between the resultant force 
acting on the body and the change in its motion. 

Newton's second law states that if an unbalanced force acts upon a 
body, the body will be accelerated; the magnitude of the acceleration is 
proportional to the magnitude of the unbalanced force and the direction of 
the acceleration is in the direction of the unbalanced force. 

One interpretation of this law is that if an unbalanced force say, 
of 10 pounds, acting on a body produces an acceleration of 2 ft/sec 2 , an 
unbalanced force of 30 pounds acting on the same body will produce 
three times this acceleration, that is, an acceleration of 6 ft/sec 2 (see 
Figure 4). Another way of stating this is to say that the ratio of the 



Fig. 4. The larger force produces the greater acceleration when acting on the 
same body. The acceleration is directly proportional to the force producing it. 


unbalanced force F which acts on a body to the acceleration a which it 
produces is a constant; or in symbols, 

F 

— = constant. 
a 

This constant is characteristic of a certain property of the body on which 
the force acts. That property is sometimes called the inertia of the 
body, and when expressed in proper units is called the inass of the 
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body. We shall denote the mass by the letter m; Newton’s second 
law may now be written as 

F 

— = m 
a 


or as 




The meaning of the term mass of a body can be illustrated by the 
following experiment. Suppose we take two identical hollow metal 
cans and fill one with lead shot and keep the other empty. Now let us 
take two identical small cars with practically frictionless wheels and 
place a can in each car (see Figure 5). If a small force is applied to the 



Fig. 5. If the mass M 2 is greater than the mass Mi, then the force F 2 must be 
greater than F\ to give each body the same acceleration. 


empty can, it will have a certain acceleration; this acceleration can be 
measured by the speed the car acquires at the end of a small time inter¬ 
val. If we now try to give the can filled with lead the same acceleration, 
it will be found that we will have to apply a much larger force to it. 
This shows that the can filled with lead has a much larger mass than 
the empty one, since a much bigger force is required to give it the same 
acceleration as the empty can. 

We can also arrange an experiment in which the same force is 
applied to each car, for example, by placing a compressed spring be¬ 
tween them and then releasing it. The spring will exert equal forces 
on the two cars. It will be found that the car loaded with the larger mass 
will have the smaller acceleration (see Figure 6). These facts are all 



Fig. 0. If the mass M z is greater than the mass Mi and if the force F acting on 
each body is the same, then the acceleration a x will be greater than the 

acceleration a 2 . 


contained in Newton’s second law of motion. We still have to assign 
a proper unit in which to express the mass of a body, but we shall defer 
this to a later section. 
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Newton’s first and second laws refer to the behavior of one body 
under the specific conditions stated in each one. Newton’s third law 
differs from these in that it always refers to two bodies which exert forces 
on each other. 

Newton s third law states that whenever one body exerts a force on 
another body , the second body exerts a force equal in magnitude and opposite 
in direction on the first body. 

Newton’s third law is sometimes stated in a more compact way as 
follows: To every action there is an equal and opposite reaction. 

These two statements of the third law mean exactly the same thing. 
As an illustration of the meaning of the third law let us consider a 
10-pound block attached to one end of a rope which has its other end 
tied to a bar attached to a beam in the ceiling as shown in Figure 7. 






At 8 


forces acting 


The block exerts a force of 10 pounds downward on the roper according 
to Newton’s third law, the rope must exert a force upward on the block 
equal to 10 pounds. The rope itself remains at rest and is therefore 
in equilibrium. Applying Newton’s first law to the rope, we find that 
the force of 10 pounds downward exerted by the block must be balanced 
by a force of 10 pounds upward exerted by the bar to which the rope is 
attached. Returning to a consideration of Newton’s third law again, 
if the bar exerts a force of 10 pounds upward on the rope, the latter 
must exert a force of 10 pounds downward on the bar. In this discussion 
we are neglecting the weight of the rope itself. 

As another example of Newton’s third law, consider the collision 
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between two cars. At the instant of collision, the force exerted by one 

car on the other is equal to the 
force exerted by the second car 
on the first but is in the opposite 
direction (see Figure 8). It will 
be noticed that the third law tells 
us nothing about the effects of 
these forces on the motions of the 
bodies involved. To find these 
effects, we must apply the second law to each body. 

2. A Digression: Motions of Celestial Bodies 

Newton applied the laws of motion to terrestrial bodies and to the 
solar system. The intellectual ferment of the Renaissance in Europe 
also produced a great change in scientific outlook, not only in the sciences 



Fig. 9. Orbits of the planets and the fixed stars in the heliocentric theory of 

Copernicus. 


immediately related to terrestrial objects, but also in the science of the 
heavenly bodies, or astronomy. The geocentric theory of Ptolemy, 



Fig. 8. At the instant of collision be¬ 
tween two cars, the force exerted by one 
car on the other is equal to the force ex¬ 
erted by the second car on the first but in 
the opposite direction. 
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which had held sway for many centuries, was reasonably successful in 
explaining planetary motion with the degree of accuracy then possible 
of attainment. In this theoiy, the earth was the center of the universe 
and the sun and planets moved in complicated paths around it. The 
first revolutionary change in this viewpoint was propounded by Nicholas 
Copernicus (1473-1543), who proposed the heliocentric theory, with the 
sun at the center of the universe and the planets revolving around the 
sun in circular orbits (see Figure 9). 

The heliocentric theory was not readily accepted by the scientists 
of that period. Tycho Brahe (1546-1G01), a famous Danish astronomer, 
made very careful and accurate measurements of the motions of the 
planets and the sun. He had never become convinced of the correctness 
of the Copernican hypothesis, but his extensive and careful measure¬ 
ments, which he bequeathed to another mathematician and astronomer, 
John Kepler (1571-1630), a contemporary of Galileo, laid the founda¬ 
tions of modern astronomy. From his study of the data of Tycho 
Brahe, Kepler was able to deduce three laws which describe accurately 
the motions of the planets around the sun (see Figures 10 and 11). 


Fig. 10. The path of a planet about the 
sun S is an ellipse. Pi, Pi, Pi, P* repre¬ 
sent positions of a planet in its orbit at 
different times. The speed of the planet 
in its orbit is such that an imaginary line 
joining the sun and the planet would 
sweep out equal areas in equal intervals 
of time. For example, area SP\P 2 is 
equal to the area SP 3 P t . 



Kepler’s three laws are: 

1. Each planet moves around the sun in an elliptic path (or orbit) 
with the sun at one focus of the ellipse. 

2. As the planet moves in its orbit, a line drawn from the sun to 
the planet sweeps out equal areas in equal intervals of time. 

3. The squares of the periods of the planets are proportional to 
the cubes of their mean distances from the sun. (The period of a planet 
is the time it takes the planet to go once around the sun; e.g., the period 
of the earth is 365.2564 days.) 

While Kepler’s laws gave an adequate description of the motions 
of the planets around the sun, they did not give a physical explanation 
for the cause of the motion. Newton, having introduced the concept 
of force into mechanics, now applied it to the motions of the planets 
around the sun, to the motion of the moon around the earth, and to the 
motions of all other objects in the universe. He developed the famous 
law of universal gravitation which states that any two bodies in the universe 
attract each other with a force which is directly proportional to the product of 
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the masses of the two bodies and inversely proportional to the square of the 
distance between them. 

Stated in mathematical form, this law becomes 


F °c 


Mm 

~d}~ 


where M is the mass of one body, m is the mass of the other body, d is 
the distance between them, and F is the force that one body exerts 
upon the other. This law can also be written in the form of an equation 
by replacing the proportionality sign («) by an = sign and a constant 
of proportionality, thus 

( 2 ) 

where G is the factor of proportionality and is known as the universal 
constant of gravitation. 




Fig. 11. Relative positions of the planetary orbits with respect to the sun. 
Drawn to scale. The sun is at the center; M is the orbit of mercury, ^ that of 

venus, and E that of the earth. 


* 
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Fig. 12. Nicholas Copernicus (1473- 
1543). First proposed the heliocentric 
theory of the universe. (Courtesy of 
Scripta Mathematiai.) 




Fig. 13. John Kepler (1571-1630). 
Mathematician and astronomer who 
deduced the three laws of planetary 
motion. (Courtesy of Scripta Mathe- 

matica.) 


Using Newton’s law of universal gravitation and his laws of motion, 
the motions of the planets can be predicted and these predictions checked 
against astronomical observations. These laws were not only successful 
in predicting the motions of the planets then known, but they were 
also used later to predict the existence of the planet Neptune. This 
part of the subject, however, must be left for another course. 
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3. Weight 

Every object near the surface of the earth experiences a force of 
attraction directed toward the center of the earth. This force is but 
one aspect of the gravitational attraction between the earth and every 
object near the surface of the earth. Since we normally focus our 

attention on the object near the surface of 
the earth rather than on the earth itself, 
we generally lose sight of the fact that not 
only does the earth exert a force on the 
object, but the object itself exerts an equal 
force in the opposite direction on the earth 
(see Figure 14). This follows directly from 
the law of universal gravitation and also 
from Newton’s law of action and reaction. 
We sometimes speak of the force that the 
earth exerts on an object as the force of 
gravity , but more frequently we call it the 
weight of the object. When we say that a 
book weighs one pound, we mean that the 
earth is pulling the book downward with 
a force of one pound; the book ; is also pull¬ 
ing the earth upward with a force of one 
pound. Similarly, an automobile that weighs 3,000 pounds is pulled 
downward by the earth with a force of 3,000 pounds and it exerts an 
equal force upward on the earth. 

If the only force acting on a body is its weight, the body will be 
accelerated downward. It is said to be a freely falling body. We have 


f W 



Fig. 14. The weight W of an 
object is one aspect of the 
gravitational force between 
the earth and the object. 
The latter exerts an equal 
force W on the earth. 


already discussed this type of motion in the previous chapter and have 
shown that all freely falling bodies have the same acceleration, g = 32.2 
ft/sec 2 . If we apply Newton’s second law of motion to a freely falling 

body, the equation 

F = ma Id 


becomes 



(3) 


since the resultant force F on the body is its weight W and the accept¬ 
ation a produced by this force is equal to g. 

The terms weight and mass are frequently misinterpreted. Confusion 
can be avoided if one is careful to remember that the weight of a body is 
a force and represents the pull of the earth on that body, while its mass 
represents the inertia of the body and is a property which determines 
how big a force is required to produce a given acceleration. Another 
difference between them is that weight is a vector quantity while mass 
is a scalar quantity, that is, it has a magnitude only; it has no direction. 
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The relationship between weight and mass can best be shown by 
considering two bodies which have the same acceleration. We have 
already seen that all bodies at the same place on the earth’s surface 
have the same acceleration g when the only forces acting on them are 
their weights. Consider two such bodies, one of weight W and mass M, 
the other of weight u> and mass m. If we apply Newton’s second law, 
F = ma, to each of these bodies, remembering that the force in each 

case is the weight of the body, we get 

W = Mg 

and w = 

Dividing one equation by th e other, we find that 

(4) 

This equation shows that, at any one place on the earth’s surface, the 
weights of two bodies are in the same ratio as their masses, or generally 

speaking, that weight is proportional to mass. 

The unit of mass used in the United States and other Enghsh- 

speaking countries is the pound, which is the mass of apiece pf platinum 
kept at the Bureau of Standards in Waslungton. The weight of this 
piece of platinum is the weight of a pound mass, or the pul of the eaith 
on a pound mass. We frequently call this force the weight of a pound 
There is no name in common use for this unit and hence the opportumty 

exists for confusing the weight and mass of a body . . 

In ordinary everyday dealings and in a great dea of engmee ng 

work, weight is the more commonly used quantity. In dealing t 
force; which act on bodies and produce accelerations, we can 
difficulties by not having the mass appear explicitly m the equation 

representing: Newton’s second law of motion. This can be done by 

^ l ration a nroduced by a given force F acting on the 

comparing the acceleration a prociuceu uy fe .. 

body to the acceleration g produced by the weight of the body acting 
alone. From Newton’s second law we know that 


and 


hence 


or 


F = 

ma 

W = 

mg; 

F _ 

a 

W 

~~ > 

Q 


W 

F = 

— a. 


9 


(5) 


This is the form of the equation generally usea oy engineers. iu ^ 
form both F and W are expressed in the same units, say pounds, and 
a and g are both expressed in the same units, say ft/sec 2 . 
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As an example of the method of using this form of Newton’s second 
law of motion, consider the case of an automobile weighing 4,000 pounds, 
which, starting from rest, acquires a speed of 45 miles an hour in 10 
seconds. It is desired to find the resultant force which acts on this 
automobile during this time. 

In order to find the force using the above equation, it is necessary 
to determine the acceleration of the automobile. Let us assume this 
acceleration to be constant. Since 45 mi/hr is the same as 66 ft/sec, the 
acceleration a can be found by substituting this value into the equation 

v 

a = - 
t 


so that 


66 ft /sec _ . 

a = —-- = 6.6 ft/sec 2 

10 sec 


Substituting this value for a and the appropriate values for W and g 
into the equation 

„ W 

F = —a, 

9 


we get 
from which 


4,000 lb_ 

1 32 ft/sec 2 X 7 G ’ 

F = 825 lb. 


Thus an unbalanced force of 825 lb in the forward direction will acceler¬ 
ate the 4,000 lb automobile from zero speed to a speed of 45 mi/hr in 
10 seconds. 

4 . Motion Through the Air 

In the discussion of freely falling bodies, the point repeatedly 
stressed was that the only force acting on these bodies was the pull of 
the earth. Actually this can be true only when these experiments are 
performed in a vacuum. In fact, however, these bodies fall through the 
air and the resistance of the air affects their motion. In the case of a 
baseball or a stone falling for one second, the effect of the air may be 
negligible, but if time intervals of several seconds are considered, then 
the air resistance can no longer be neglected, since the resistance of the 
air to motion through it increases as the speed of the body increases. 
The speed acquired by a body falling through the air is less than that# 
of a freely falling body, and if the time of fall be sufficiently large, the 
body will actually reach a limiting speed at which time the resistance of 
the air is equal to the weight of the body; the body then continues 
moving downward with this limiting speed. This phenomenon of uniform 
motion downward with a limiting speed has been observed by every 
person who has ever watched a rainfall. 
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Consider the case of a raindrop of weight W which has been started 
on its downward path. Initially its acceleration is g , but as its speed 
increases, the air exerts an opposing force R upward which depends 
upon the speed of the raindrop. For simplicity, let us assume that the 
resistance varies directly as the speed of the raindrop, or, put in the 
form of an equation, 

R = Kv , 

where K is a constant of proportionality determined by the size of the 
drop and the properties of air through which it is falling. Its numerical 
value will depend upon the units used for expressing v and /?. As he 
speed of fall is increased, the resisting force R is increased until it be¬ 
comes equal to the weight of the raindrop (see Figure 15). If v L is the 

speed of the raindrop when R equals IF, then 

R = K v L = W 


or 



( 6 ) 


Thus the limiting speed of fall of the raindrop is proportional to its 
weight. Since the heavier raindrops are the larger ones, they «.11 be 





Fig 15- A raindrop falling through the air. 

moving faster than the lighter and smaller raindrops when they reach 
the surface of the earth. This is well known to all of us. The very 
language we use to describe the ram contains this information; for 
example, we talk of a heavy ram or a light ram. Or we say, It is 

pouring” or “It is a light drizzle.” . , 

Another important case where use is made of the limiting speed of 
fall is in “baling out” of an airplane. Again the initial motion is one 
with an acceleration of g, but resistance of the air opposes this motion. 
In armv tests men “baled out” of airplanes at very great heights and 
did not open their parachutes until within about 2,000 ft of the ground. 
Because of air resistance, the speed acquired by these men reached a 
limiting value of about 125 miles per hour with parachutes still closed. 
Of course with parachutes open, the limiting speed is much less than 




38 


FORCE AND MOTION 


[ Ch. II 


125 miles per hour so that safe landings are possible. The very large area 
of the parachute causes a much greater force to be exerted by the air at 
any given speed, and a lower limiting speed is reached very quickly. 

The resistance of the air to motion through it is experienced not 
only by falling bodies but also by objects moving in any direction with 
any speed. To reduce this air resistance to a minimum is one of the 
pressing problems in the design of automobiles, trains, and airplanes. 
A similar problem arises in the design of ships, because the motion of 
ships through the water is opposed by a similar type of resisting force. 
Most of the power supplied by the engine of a ship is used to oppose 
this resisting force, and one possible method of increasing the speed of 
a ship through water is to streamline the hull so as to reduce this water 
resistance. 


5. The Metric System of Units 

In most scientific work throughout the world, units based on the 
metric system are in general use. The unit of mass, for example, is the 
gram, the one thousandth part of the kilogram; the kilogram is the 
mass of a certain piece of platinum which is kept at the International 
Bureau of Weights and Measures at S&vres, France. There are 2.2046 
pounds in one kilogram. 

The unit of length used in scientific work is the centimeter, the one 
hundredth part of a meter. A meter is the distance between two scratch 
marks on a special platinum-iridium bar which is also kept at Sevres, 
France. It is interesting to note that the legal standard of length in the 
United States is also the meter. There are 39.37 inches in a meter. 
Also, 1 inch = 2.54 centimeters. 

The current scientific system of units is based on the centimeter, 
gram, and second as the units of length, mass, and time, respectively, 
and is frequently referred to as the c.g.s. system of units. The unit of 
force in this system is the dyne, and its definition is obtained from 
Newton’s second law. Writing it in the form 

F = ma, (1) 

we find that the force required to give a body whose mass is 1 gram an 
acceleration of 1 centimeter/second 2 is 

F = 1 gm X 1 cm/sec 2 . 

This force F is called 1 dyne. Thus the dyne is that force which, acting 
on a mass of 1 gram, will produce an acceleration of 1 cm/sec 2 . 

The weight of a gram mass can also be expressed in dynes. From 
Newton’s second law we know that 


W = mg. 


(3) 
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In the c.g.s. system of units the value of g is 980 cm/sec 2 . Substituting 
this value for g , and 1 gm for the mass tn, we get 


W = 1 gm X 980 


cm 

sec 


or 


W = 980 dynes. 

Thus the weight of a gram mass is 980 dynes. 

To illustrate the manner in which the c.g.s. system is used, suppose 
we consider the problem of determining the force which acts on a bullet 
which has been fired into a target. Assume the mass of the bullet to 
be 30 gm and that it is moving with a speed of 20,000 cm/sec at the 
instant it strikes the target. It penetrates the target for a distance of 
25 cm. Let us assume that the force which acts on the bullet dui mg its 
motion through the target is constant. The negative acceleration of the 

bullet can be found from the equation 


v 


i 2 = 2 ad 


or 


which yields 


a = 


v* 

a " 2d’ 

/ cmV 

( 20,000 —) 

\ sec/ 

2 X 25 cm 

cm 


or 


a = 8,000,000 


sec 


Now using Newton’s second law, 

F = rna, 


F = 30 gm X 8,000,000 
F = 240,000,000 dynes. 


cm 

sec 5 


we get 
so that 

6. Collisions: Conservation of Momentum 

There are many cases in which forces act for very short tm, but 
nonetheless produce very big changes >n the motions of bodies. A col¬ 
lision between two trains, a bullet striking a target a bat hitting « baU 
a shell exploding are examples of such cases. It is very difficult to 
evaluate the accelerations in such cases, but agreat dea of -forma ion 
can be obtained by studying the motions of the bodies from a different 
point of view. This point of view involves the changes m momentum 
which take place in each case. The term momentum of a body is defined 
as the product of the mass m of the body and its velocity a, or 

momentum = mv. 

Momentum is a vector quantity which has the same direction as the 
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velocity of the body. A heavy truck weighing 10 tons and moving at 
40 miles an hour, for example, has a greater momentum than a car 
weighing 2 tons moving with the same velocity; the momentum of the 

truck is five times that of the car. 

Newton’s laws of motion can now be reconsidered from this new 
viewpoint. The first law, for example, states that if no external force 
acts on a body, the body, if at rest, will remain at rest, and, if in motion, 
will continue in motion with constant velocity. This law can be re¬ 
stated to say that the momentum of a body will remain constant if no 
resultant external force acts on it. 

Newton’s second law, which we put in the form F = wo, can also 
be restated in terms of the change in momentum produced by the action 
of an external force. It will be recalled that the acceleration of a body 
was defined as the change in velocity divided by the time required to 
produce this change. If the initial velocity of the body is v 0 and the 
final velocity is v, the change in velocity is v — v 0 and the acceleration is 
therefore 

v — Vo 

so that Newton’s second law can be written as 


from which 



m 



Ft = mv — w Co¬ 



lt will be noted that mv 0 is the momentum of the body before the force 
is exerted on it and mv is the momentum of the body after the force F 
has acted on it for a time t. Thus Newton’s second law now takes the 
form that the change in momentum of a body is equal to the product of the 
force acting on it and the time during which it acts. As a matter of fact, 
this is the form in which Newton originally stated this law. 

If we now consider the problem of two bodies which collide with 
each other, we know that they exert forces on each oth^r from the 
changes in momentum which are produced by this collision. We also 
know, from an application of Newton’s third law to this case, that these 
two forces are equal in magnitude and opposite in direction and act for 
the same length of time, the duration of the collision. Hence we can 
conclude that the change in momentum experienced by one body is 
equal in magnitude and opposite in direction to that experienced by 
the other body. If we consider the two bodies as a single system, then, 
at the instant of collision, there is no resultant external force acting on 
this system and the change in its momentum is zero. It is true that there 
are forces brought into play during the collision, but these forces are 
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inside the system as so defined; and the sum of their effects on the sys¬ 
tem as a whole is zero. Similarly for the change in moment urn: the total 
change in momentum of the system as a result of the collision is zero 
since the change in momentum of one body is equal and opposite to 
that of the other body. 

The above results can be generalized into one of the fundamental 
principles of physics, one which has stood the test of time since Newton 
first formulated it and which has found use and verifications m all 
branches of physics. This principle is called the principle of the con¬ 
servation of momentum; it states that if no resultant external force acts on 
a system, the total momentum of the system remains constant. 

There* are many interesting applications of the principle of con¬ 
servation of momentum. For example, suppose we take two billiard 
balls, drill a hole through the center of each one, and mount them on a. 
smooth, taut, horizontal wire as shown in Figure 10. Suppose we start 


Before collision 


mv 


0 



After collision 

Fig 16 Conservation of momentum in the elastic collision of two spheres of 

equal mass. 

with the two billiard balls a short distance apart and then hit one ball 
so that it strikes the second one. It will be observed that the first one 
is brought to rest and that the second one moves forward I h.s could 
have been predicted from the principle of conservation of momentum 
and the fact that the billiard balls are almost perfectly elastic. The 
change in momentum of the first billiard ball must be equal and opposite 
to the change in momentum of the second one. Just before collision the 
first one had momentum mv and its momentum was reduced to zero 
after the collision; the second one had zero momentum initially and its 
momentum was increased to mv. Since the two billiard balls have 
practically the same mass, the velocity of the second one after collision 
will be almost equal to that of the first one before collision. 
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The principle of conservation of momentum is applicable to any 
type of collision, whether it is elastic or inelastic. If we arrange a com- 


Before collision 
Target 



After collision 



Fig. 17. Conservation of momentum 
in the inelastic collision of a bullet and 
a movable target. 


pletely inelastic collision, for ex¬ 
ample, by firing a bullet into a tar¬ 
get made of soft wood which is 
mounted on a car so that it is free 
to move, then, after collision, the 
system of the two bodies, bullet 
and target, will move together with 
the same momentum that the sys¬ 
tem had before collision (see Fig¬ 
ure 17). For example, if the bullet 
has a mass m and a velocity v and 
therefore a momentum mv before 
collision, then, after the bullet 
strikes the target, the system will 
move with a velocity V and a 
momentum (M + m) V so that 

(M + m)V = mv 


where M is the mass of the target and car. This gives us a simple way 
of determining the speed of the bullet; all that need be done is to 
measure the speed of the target after the bullet struck it and then use 
the above equation to calculate the speed of the bullet. 

Another instructive example of the principle of conservation of 
momentum is provided by the firing of a gun. Suppose that a large gun 
is rigidly mounted on a railway car with the gun parallel to the tracks 
(see Figure 18). Before the shell is fired from the gun, the system is at 



MV— mv 

Fig. 18. Conservation of momentum in the firing of a shell 

from a gun mounted on a railway car. 


rest and therefore has zero momentum. The shell is fired by the ex¬ 
plosion of the powder in the barrel of the gun. The only forces acting 
on the gun and shell are those due to the pressure developed by the 
exploding powder. These forces, which act as long as the shell remains 
in the barrel of the gun, are internal forces; there are no external forces 
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acting on this system. When the shell leaves the gun with velocity v 
it will have a momentum mv, where in is the mass of the shell. From 
the principle of conservation of momentum the gun and car must move 
in the opposite direction with velocity V and momentum MV where M 
is the combined mass of car and gun, such that 


MV = mv. 

If no brakes are applied to the wheels of the car, the car will keep 
moving with this speed V except for the action of resisting forces such 
as friction and air resistance. By firing shells every once in a while the 
car can be kept moving with any desired speed, as long as ammunition 
holds out. This is essentially the principle of rocket propulsion. Firing 
shells is not practicable. A better method would be to mount on the car 
a cylinder containing a fuel such as gasoline and a supply of oxygen and 
arrange to burn the fuel and release controlled amounts of the hot gases 
at regulated intervals (see Figure 19). If the momentum of the quantity 



of gas released is mv, the car and cylinder will acquire an equal momen 
turn in the opposite direction. Rocket-propelled cars have been bu.lt and 
rocket-propelled airplanes are in operation; this type of propulsion wU 
undoubtedly become more common in the future ^.cularly for very 
high speed planes. The operation of modern rockets will be considered 

in greater detail in the section entitled Poi\ er. 


7. Motion on an Inclined Plane 

We have already mentioned Galileo's historic experiments on the 
motions of bodies on smooth inclined planes and also that he: was able 
to deduce the fact that the speed which the body has at the bottom of 
the plane depends only upon the height from which ,t started. It w 11 be 
very instructive to discuss this motion from the standpoint of Newton s 

‘^“LetTsrsume that a body of weight W is placed on an inclined 
plane of length L and height H (see Figure 20) We know from experi¬ 
ments that the body will be accelerated down the inclined plane with a 
constant acceleration a. It therefore follows from Newton s second law 
that the resultant force F acting on this body must also be directed 
down the plane in the same direction as the acceleration. 
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If we analyze the problem we find that there are two forces which 
act on this body, its weight W or the pull of the earth on it, and the 



Fig. 20. A body on a frictionless inclined plane. The 
force F is the resultant of the weight W of the body and 

the push P of the inclined plane. 

push P which the plane exerts on the body. Since we have assumed 
the plane to be perfectly smooth, the only direction in which it can 
exert a force is in a direction perpendicular to the plane. P and W are 
the only two forces which act on the body, and their vector sum or 

resultant must be the force F. The resultant of these 
two forces can be found by the vector methods illus¬ 
trated in the section on the addition of velocities. 
Using some convenient scale, draw W downward to 
represent the weight of the body as shown in Figure 
21. At the end of W start the vector which repre¬ 
sents the force P and draw it parallel to the original 
force; the angle A between P and W is the same as 
the angle of inclination A of the inclined plane. The 
length of the vector P can be determined from the 
fact that the vector sum of W and P must equal F and 
must act parallel to the inclined plane. If a line is 
therefore drawn from the beginning of the vector W so that it is parallel 
to the plane, and hence perpendicular to P, the point of intersection 
will determine both the length of the vector P and the vector F. The 
direction of the resultant force F is from the beginning of W to the 
end of P. 

The magnitude of the resultant force F can now be expressed in 
terms of the weight W, and the height H and length L of the inclined 
plane. The triangle ABC formed by the inclined plane is similar to the 
triangle of forces WPF; hence we may write 
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or 



( 8 ) 


In other words, the force which accelerates the body down the inclined 
plane is a fraction of the weight of the body; this fraction is the ratio of 

height of the plane to its length. 

If we now apply Newton’s second law to the motion down the in¬ 
clined plane, we can write the equation as 

„ W 
F = — a. 

Q 


Substituting the value of F from equation (8), we get 


from which 



(9) 


This equation shows that the acceleration down a fnct.onless .ncl.ned 
plane is a constant and is a fraction, H/L of the acceleration o a freely 
falling body. Just as in the latter case, the acceleration on a fnctionless 

inclined plane is independent of the weight o 4 e 0 . , • • 

We can now deduce a very important result one which was origi¬ 
nally deduced by Galileo - that the speed with which the reaches 

the bottom of an inclined plane does not depend upon the length of the 
plane but only upon the height from which the body started. 

We know that a body, starting from rest, acquires a speed v given 

by v 2 = 2 ad, (Chap. I, Eq. 10) 

where a is its acceleration and d is the distance traversed with this 
acceleration. In the case of motion down an inclined plane of height 

H and length L, we can write 

d = L 


therefore 


H 

a = 1 g 5 

H r 

v 2 = 2 X jqL 


or 



( 10 ) 


Thus the speed that a body has at the bottom of a frictionless plane 

depends only upon the height of the p ane, no upon l e • 

Tf ™ i rn q tri n p ft series of frictionless inclined planes all starting 

from thl saTe hdght above the ground (see Figure 22), but all of differ- 
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ent lengths, we can say that objects which start at the top of these 
planes will all reach the ground with the same speed, v = V2 gH. How- 



Fig. 22. A body which starts from rest at the top of a 
frictionless inclined plane will reach the bottom with a 
speed which depends only upon the height H of the plane. 


ever, the time taken to descend will be proportional to the length of 
the plane. 

8. Components of a Force 

The motion of a body down a smooth inclined plane can be discussed 
from a slightly different point of view. If a body were simply dropped 
from a height H, the only force acting on it would be its weight; it 
would have an acceleration g and would reach the ground with a speed 

v = ^2 gH. If, instead, the body is placed on a smooth inclined plane, 
it is constrained to move along this plane so that not all of the weight W 
is effective in accelerating it. As we showed above, the resultant force 
F is parallel to the plane and is a fraction of the weight of the body. 
We may look upon this force F as one component of the weight of the 
body, that component which is parallel to the plane. The component 
of the weight which is not parallel to the plane is a vector N perpen¬ 
dicular to the plane; it is equal in magnitude to the force P which the 
plane exerts, but is in the opposite direction. 

The concept of the components of a force, and of the components 
of a vector in general, is a very useful one. In general any number of 
vectors which, when added, produce a resultant vector can be con¬ 
sidered the components of that vector. Most frequently, however, we 
are interested in the component of a vector in a specified direction. In 
such a case we need only resolve the vector into two components, one 
in the required direction and the other at right angles to this direction. 
The method of doing this is illustrated in Figure 23 in which the weight 
W is resolved into a component F parallel to the inclined plane and a 
component N perpendicular to it. A line parallel to the plane is drawn 
through one end of the vector representing W and a line perpendicular 
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to the plane is drawn through the other end of W. The point of inter¬ 
section of these two lines determines the lengths of these components. 
The arrows are placed at the ends of these lines so that the first com¬ 
ponent, F in the figure, starts at the beginning of W, and the second 
component, N in this figure, terminates at the end of the vector repre¬ 
senting W. 



Fig. 23. Components of a vector in a given direction. F is that component of 
W which is parallel to the plane; similarly a is the component of g parallel to 

the plane. 


Since acceleration is also a vector quantity, we may think of the 
acceleration a as the component of the acceleration g parallel to the 
inclined plane. 


9. Force of Friction 

In the above discussion we have assumed that the motion takes 
place along smooth, frictionless inclined planes. This procedure is 
typical of the method used in science: to idealize the problem and 
simplify it so as to bring out the important features. Actually, of course, 
there are no perfectly frictionless planes. When a body slides down an 
inclined plane, its acceleration a, in general, will be less than the com¬ 
ponent of g parallel to the plane. The difference between the two will be 
an indication of the effect of friction in opposing the motion of the body 
along the plane. The force of friction is due to the fact that the normal 
component of the weight presses the body against the plane and brings 
the particles on the surfaces of the materials into very close contact, 
giving rise to strong forces between them. The exact nature of these 
forces is not known, but some of the effects of these forces are. When 
a piece of copper is made to slide over a piece of steel, for example, 
microscopic examination of the surfaces shows that small pieces of 
copper are imbedded in the steel and small pieces of steel are imbedded 
in the copper (see Figure 24). The forces which produce such effects 
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must be comparatively large although they act only through short 
distances. It is therefore to be expected, and this is in agreement with 
experimental results, that the force of friction between two bodies will 
depend upon the force pressing the two bodies together. In the case of 
motion along an inclined plane, the force pressing the two bodies to¬ 
gether is the normal component of the weight of the body. If a body 
slides over a horizontal surface, the force pressing the body against the 
surface is the entire weight of the body. 



Fig. 24. Photograph showing the result of sliding a piece of copper on an unlubri¬ 
cated steel surface. Horizontal magnification 200, vertical magnification 2000. 
C represents pieces of copper adhering to the steel; // represents holes from which 
pieces of steel have been plucked by the copper. (Journal of Applied Physics. Photo¬ 
graph by F. P. Bowen, A. J. W. Moore and D. Tabor.) 


We know, from Newton’s first law, that if the resultant force on a 
body is zero, the body, if at rest, will remain at rest, and if in motion, 
will continue in motion with constant speed in the same straight line. 
Experience shows, however, that a body which is set in motion on a 
horizontal surface bv the application of an external force will have its 
speed reduced after this external force ceases to act on it, and if the 
surface is long enough, the body will ultimately come to rest. The 
force which opposes the motion and produces the negative acceleration 
is the force of friction between the two surfaces. The force of friction 
may be calculated by determining the acceleration of the body and 
applying Newton’s second law to the problem. 

For example, suppose that a sled with a passenger is given a speed 
of 20 ft/sec and then allowed to coast along on the snow on a horizontal 
road. The sled slows down and comes to rest after traveling 80 feet. 
The negative acceleration of the sled can be found by using the equation 

v 2 = 2 ad 


so that 


tr_ _ 400 ft 2 /sec 2 
2 d ~ 2 X 80 ft 


Using Newton’s second law in the form 



2.5 ft/sec*. 


9 
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where W is the weight of the sled and passenger and F is the force of 
friction which produces the negative acceleration, we get 



from which F = .078IF. 

The force of friction is thus a small fraction of the weight of the system. 

Another way of determining the force of friction which acts on a 
body is to apply a force just sufficient to balance the force of friction 
and keep the body moving with uniform speed. For example, if a heavy 
wooden crate is moved across a wooden floor (see Figure 25), the forces 
acting on it are the weight W of the crate downward, the push P of the 
floor upward, the force F used to pull the crate and the frictional force 
F r acting between the surfaces of contact and opposing the motion. 
Since the motion takes place with constant speed in a straight line, the 
body must be in equilibrium and the resultant force acting on it must 
be zero. This means that the force P upward must equal the force W 
downward and the force F forward must equal the frictional force F r 
which opposes the motion. 



The frictional force F r is always a fraction of the total force pressing 
the two surfaces together. The ratio of these two forces is called the 
coefficient of friction of the two surfaces. Tables of values of the co¬ 
efficients of friction have been determined for many different substances 
and are very useful in determining the effects produced by friction. 

It is a matter of common knowledge that there are many instances 
in which the presence of a sufficient amount of friction is a desirable 
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quality. For example, the ability to walk depends upon a sufficient 
amount of friction between one's shoes and the ground; the motion of 
a car depends upon friction between the tires and the ground; the 
transmission of power from the gasoline engine to the car frequently 
takes place through a friction clutch; many models of automobile jacks 
depend upon friction for their operation. The operation of the brakes 
of a car depends upon friction between the brake shoe and the brake 
drum. 

There are also many cases in which friction is an undesirable quality 
because of the wearing away of the material of the surfaces, the loss of 

energy into a nonusable form, the destruction 
of surfaces due to the production of very high 
temperatures at areas of contact. Various 
methods have been devised to reduce friction 
as much as possible in those cases where it is 
undesirable. Among the common methods for 
reducing friction is the use of lubricants, such 
as oil and grease, between moving surfaces. 
The effect of this is to change the nature of the 
friction from that of a solid sliding on a solid, 
to that of a solid sliding on a layer of liquid, 
together with the sliding of one layer of liquid 
past another liquid layer. Another common 
method of reducing friction is to change the 
type of the frictional force from one of sliding 
friction to one of rolling friction. This is done 
either by ball bearings or by roller bearings 
placed between the surfaces which are moving 
relative to one another (see Figure 26). Our 
modern industries, with their use of high-speed 
machinery, and our modern systems of trans¬ 
portation are completely dependent upon the 
use of proper and satisfactory friction-reducing devices for their high 
state of efficiency. 

10. Motion in a Circular Path 

We have so far restricted most of our discussion of motion to 
straight-line motion, except for a digression on planetary motion. 
Motion along curved paths is a common, everyday experience; the 
principles and concepts previously discussed can be applied to motion 
along curved paths. Because of the variety of curved paths and the 
variety of speeds possible along such paths, it will again be advisable to 
delimit the problem and consider only the simplest type of motion in a 
curved path, that in which the speed of the body remains constant and 
only the direction of its motion is changed. Furthermore, let us choose 



Fig. 26. Photograph of a 
roller bearing, with part 
of outer cup cut away to 
show the tapered rollers, 
the cage which maintains 
the proper spacing be¬ 
tween them, and the inner 
race or cone. (Courtesy 
of the Timken Roller 
Bearing Company.) 
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a particularly simple type of curved path, the circle. This type of 
motion is called uniform circular motion. 

A body in uniform circular motion traverses equal distances meas¬ 
ured along the circumference in equal intervals of time; its speed is 
constant but the direction of its motion 
is continually changing. It will be re¬ 
called that the velocity of a body is a 
vector quantity, that is, it has both mag¬ 
nitude and direction. In the case of 
straight-line motion, the velocity is di¬ 
rected along the line of motion; when 
the motion is in a curved path, the direc¬ 
tion of the velocity is tangent to the 
curve (see Figure 27). In the case of 
uniform circular motion, even though 
the magnitude of the velocity is con¬ 
stant, the motion is accelerated since 
the direction of the velocity is continually changing. From Newton’s 
second law we know that a resultant external force must act on a body 
to accelerate it. If the speed remains constant, the resultant external 

force cannot be in the direction of 
the motion, nor can it have a 
component in this direction. The 
resultant external force must there¬ 
fore be at right angles to the direc¬ 
tion of the velocity. 

As a very simple but instruc¬ 
tive example of uniform circular 
motion let us consider a small 
stone which is tied to one end of 
a string and whirled with uniform 
speed in a horizontal circle of 
radius R. The velocity v of the 
stone is tangent to the circle at 
every point of its path (see Figure 
28). The direction of the accel¬ 
eration and of the resultant force 
can be inferred from the following 
considerations. Since a string is 
flexible, it cannot transmit a push 
to the stone; it can transmit only 
a pull. Therefore the force exerted by the string on the stone must be 
directed toward the center C of the circle; that is, the resultant force is 
directed along the radius, and is perpendicular to the direction of the 
velocity. 



Fig. 28. In uniform circular motion, 
the velocity v is always tangent to the 
circle; the acceleration a is perpendicular 
to the velocity and is directed along the 
radius toward the center C. The result¬ 
ant force F is also directed toward the 
center of the circle. 



Fig. 27. The direction of motion 
in a curved path is along a tan¬ 
gent to the path; the velocity 
vector v is drawn tangent to the 
path at point F. 
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From Newton’s second law, 

F = A/a, 

we know that the acceleration a must be in the same direction as the 
force F. The magnitude of the acceleration is 

(ID 

and the direction of the acceleration is toward the center of the circle. 

The magnitude of the resultant force F which produces this uniform 
circular motion then is 

( 12 ) 

in which M is the mass of the body. Since this force is directed toward 
the center of the circle, it is called the centripetal force. 

If we now apply Newton’s third law to this case, we find that the 
action is simply the centripetal force, or the pull of the string on the 
stone. The reaction will therefore be a force exerted by the stone on the 
string. This reaction is equal in magnitude to the action, but is directed 
away from the center. This reaction is sometimes called the centrifugal 
force. It must be remembered that the resultant force which acts on 
the stone is the pull exerted by the string, that is, the centripetal force. 
The reaction, or centrifugal force, exists only as long as the string pulls 
on the stone. If the string should be cut while the stone is moving in a 
circle, the centripetal force would disappear and so would the centrif¬ 
ugal force. Since there is no resultant force acting on the stone after 
the string is cut, the stone will continue to move with constant velocity, 
that is, it will move at a tangent to the circular path. 

A car or train rounding a curve can be considered as moving in an 
arc of a circle or in some cases in a series of such arcs of slightly different 
radii. In order to move the car in a circular path of radius R , an outside 
force must act on the car and this force must be directed toward the 
center of the circle. In the case of an automobile rounding a curve, this 
force is supplied by the friction between the road and the tires. If 
the speed of the car is very great, the frictional force may not be suffi¬ 
ciently large to supply the necessary centripetal force Mv~/R , in which 
case the car would not follow this circular path, and may even leave 
the curved road. This happens more often when the road is wet or icy, 
since the friction between the tires and the road is then much reduced. 
In the case of a train the necessary centripetal force is supplied by the 
push of the rails against the flanges of the wheels. 

When high speeds are normally used on curved roads, the roads are 
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frequently “banked” for safer travel, that is, the outer part is built at a 
higher level than the inner part. Assuming that the force the road 
exerts on the car or train is at right angles to the road, this force will 
have a component which is horizontal and directed toward the center 
of the circular path and will thus supply a centripetal force to keep the 
car or train moving in this curved path. 



Fig. 29. Photograph of cars traveling at high speeds around a hanked curve. 

(Courtesy of General Motors Corp.) 


An important aspect of uniform circular motion is that it is periodic, 
that is, the motion repeats itself at regular time intervals. The time 
required for a particle to go once around the circle is called the period 
of the motion. Uniform circular motion is a very important and very 
common type of motion. For example, every point on the earth’s 
surface moves in a circular path around the axis of the earth with a 
period of one day. The speed of a point in its circular path will depend 
upon its latitude, with points on the equator having the greatest speed 
and those at greater latitudes, north or south, having smaller speeds, but 
all have the same period. Points on a rotating wheel also move in 
circular paths about the axis of rotation and all have the same period of 
rotation. 

The concept of the period of the motion can be extended to motion 
in other than circular paths, provided the motion repeats itself during 
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regular time intervals. We have already considered one such type of 
periodic motion, the motion of a planet in an elliptic orbit about the sun. 
Other examples of periodic motion, such as the motion of a pendu¬ 
lum and the motions of electrons in their orbits about atomic nuclei, 
will be considered in later sections. 


QUESTIONS AND EXERCISES 

1. In a laboratory experiment illustrating Newton’s second law of motion, 
a small car of 1,500 gm mass is given a constant acceleration and moves a dis¬ 
tance of 80 cm in 3 seconds, starting from rest. Determine (a) the acceleration 
of the car, (b) the resultant force acting on it. 

2. In a laboratory experiment illustrating Newton’s second law of motion, 
a small car whose mass is 2,000 gm is free to move on horizontal tracks. A cord 
is tied to this car and passes over a frictionless pulley at the end of the tracks. 
A 50 gm mass is attached to the other end of this cord and pulls on the car. De¬ 
termine (a) the force which acts on the system and (b) the acceleration of the 
system. (Note: The system which is accelerated consists of both the car and 
the weight hanging from the cord.) 

3. One end of an inclined plane is 4 ft above the ground. The length of the 
inclined plane is 8 ft. Assuming the plane to be frictionless, determine (a) the 
acceleration of a body down the plane, (b) the speed with which the body will 
reach the bottom of the incline, and (c) the length of time it will take to reach 
the bottom. 

4. One end of an inclined plane is 4 ft above the ground. The length of the 
inclined plane is 16 ft. Assuming the plane to be frictionless, determine (a) the 
acceleration of a body down the plane, (b) the speed with which the body will 
reach the bottom of the incline, and (c) the length of time it will take to reach 
the bottom. 

6. An automobile weighing 2,800 lb is going up a hill which rises 3 ft for 
every 100 ft of length, (a) What is the component of the weight which acts 
along the hill? Discuss the force which the engine must provide, (b) when the 
automobile is moving on level ground and (c) when it is going uphill. Assume 
a constant velocity in each case. 

6. A crate weighing 240 lb is placed on an inclined plane 16 ft long which 
has one end 4 ft above the ground. The crate slides down the length of the in¬ 
cline in 4 sec. (a) Determine the acceleration of the crate, (b) Draw a dia¬ 
gram showing the forces which act on the crate, (c) Determine the resultant 
force which acts on the crate, (d) Determine the component of the weight 
which acts parallel to the plane, (e) Determine the force of friction. 

7. Discuss the changes in momentum that take place when a batter hits a 
baseball. 

8. A boat is rowed to a dock and a man tries to go from the boat to the 
dock without first securing the boat to it. Discuss the probable motion of the 
man and boat. 



QUESTIONS AND EXERCISES 55 

9. A common type of water sprinkler is shown in Figure 30. Discuss the 
motion of the two arms of the sprinkler when water flows out of them. 



10. Two boys on skates hold the ends of a rope and engage in a tug of war. 
Discuss their motions (a) when their weights are about equal, (b) when one 
boy is much heavier than the other. 

11. Plot a curve showing the car speed in mi/hr against the distance re¬ 
quired to stop for a negative acceleration of 12 ft/sec 2 . Use a convenient scale 
to show speeds up to 70 mi/hr. If the reaction time of the driver is J sec what 
effect will this have on the stopping distance? 

12. When a car goes around a curve too rapidly, only two wheels remain 
on the ground. On which two wheels does the car go around the curve? 

13. Discuss the motion of a car in a curved path in terms of the momentum 
of the car. 

14. An automobile weighing 3,000 lb starts from rest and acquires a speed 
of 40 mi/hr in 9 sec. Determine (a) the acceleration of the automobile in 
ft/sec 2 and (b) the accelerating force supplied by the engine. 

15. The brakes are applied in a car weighing 3,600 lb which is moving at a 
speed of 50 mi/hr; the car travels 180 ft before coming to a stop. Assuming 
that the negative acceleration is constant, determine (a) the time required to 
stop the car and (b) the resisting forces which act on it. 

16. An airplane must acquire a speed of 90 mi/hr on a runway 1,200 ft long 
in order to get off the ground, (a) Determine the minimum constant accelera¬ 
tion that the airplane can have, (b) If the plane weighs 24 tons, what force 
must the engine supply to accelerate it? 

17. A car weighing 20 tons moving along a track at 10 miles an hour strikes 
a stationary car weighing 20 tons and is coupled to it, so that both move forward. 
Determine the speed of the coupled cars. 



CHAPTER 


Work and Energy 


1. Introduction 

Our technical civilization is distinguished from all other civiliza¬ 
tions by its great dependence upon and utilization of sources of energy 
other than that provided by the physical labor of human beings for the 
performance of the myriads of tasks which go to lighten the human 
burden and provide a higher standard of living. Energy from coal, oil, 
gas, and other fuels, energy from waterfalls, and energy from the dis¬ 
ruption of atomic nuclei, when properly harnessed and controlled, make 
possible the accomplishment of tasks which no group of human beings, 
no matter how numerous or how well coordinated, could every achieve 
by their physical labor alone. The study of energy in all its forms is 
the subject of science and of the science of physics in particular. 

2. Work Done by Forces 

A word, which in common usage has several meanings, is frequently 
used in physics to convey a unique meaning which may be significantly 
different from any of its common ones. One such word, or technical 
term , is work. The common meanings of this word are well known. 
But in physics the term work is used in the following restricted sense: 


Force of 
friction 

m 

501b 


50 1b 


\ _ 

friction 





^_ 


( 

P 

F 

P 

iZtt -► 

1 w 


Fig. 1. Forces acting on a trunk which is being pulled with uniform 

speed along a rough horizontal surface. 


whenever a force moves a body through a distance in the same direction 
as the force, work is said to be done by this force. The criterion of work 
done is that motion is produced. For example, suppose that a heavy 
trunk is being pulled along the floor by a force of 50 lb acting horizontally 
as shown in Figure 1; then this force is doing work. The amount of work 
done is measured by the product of the force and the distance through which 
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it moves in the direction of the force. Or, in symbols, 
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( 1 ) 

where is the work done, F is the force, and d is the distance through 
which the force moves, provided the force is parallel to the distance 
through which it moves. If, in the above example, the 50 lb force 
moves the trunk through a distance of 12 ft, the work done is 

= 50 lb X 12 ft = 600 ft lb. 

If we have a very low trunk, we may find it more convenient to 
attach a rope to it and pull at an angle A to the ground, as shown in 
Figure 2a. Suppose that the force with which the rope pulls this trunk 



H = 35 lb 


(b) 

Fig. 2. When a trunk is pulled along a horizontal surface by a force F in¬ 
clined at an angle A to the direction of motion, only the horizontal component 

H does work. 



is 40 lbs and acts at an angle of 30° to the floor. The trunk, however, 
moves horizontally along the floor. According to the definition of work, 
only that part of the force which acts horizontally does any work; 
that is, the horizontal component H of the force F does work. The 
simplest way to determine the magnitude of the horizontal component 
of F is to draw F to scale at an angle of 30° to the horizontal and then to 
drop a perpendicular to the horizontal (see Figure 2b). The length of 
the line H can then be measured and its magnitude found; in this case 
it is about 35 lb. Or the value of H can be determined from simple 
geometry. Since F and H are the hypotenuse and arm respectively of 
a 30°, 60°, 90° triangle (see Figure 2b), the ratio of H to F is 

H = y/3 

F ~ 2 ' 
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The work done in moving the trunk in this manner through a horizontal 
distance of 15 ft, for example, is 

= H X 15 ft = 34.6 lb X 15 ft = 319 ft lb. 

It will be noticed that the weight of the trunk does not appear 
explicitly in this discussion. If we analyze the problem in greater 
detail, we note first that the trunk is in equilibrium since it is moving 
with uniform speed in a straight line. Hence all the forces acting on the 
trunk must add up to zero. These forces are shown in Figure 1; the 
weight W of the trunk acts downward and the push P of the floor up¬ 
ward is equal to it. The horizontal force F is needed only because of 
the frictional force between the trunk and the floor, and is equal in 
magnitude to this frictional force. This frictional force depends upon 
the weight of the trunk, and in this way the force F required to pull the 
trunk depends upon the weight. If friction could be eliminated, the 
trunk, once set in motion, would continue moving with constant velocity, 
and no work would have to be done on it during this motion. Hence in 
moving this trunk all the work is done against frictional forces. 

The only time that work is done against the weight of a body is 
when its elevation is changed. For example, in lifting a body vertically 
upward with constant speed through a height h, the force exerted up¬ 
ward is equal in magnitude to the weight of the body, so that the work 
done in lifting it is 



where W is the weight of the body. 

When a train of cars is being pulled horizontally along a level track 
at a uniform speed, the locomotive does work only against the frictional 
forces and air resistance. In pulling this train upgrade at the same 
speed, the engine must do more work because work must be done in 
lifting the train in addition to the work done against the frictional 
forces. In going downhill, however, less work has to be done by the 
engine since now that component of the force of gravity parallel to the 
tracks does work in pulling the train down. If the grade is steep enough, 
this component of the weight may be sufficient to overcome the fric¬ 
tional forces and maintain the train at a constant speed downward, or it 
may even be greater than the frictional and resisting forces, in which 
case the train will have its speed downward increased; that is, it will 
travel downgrade with accelerated motion. 

3. Work and Energy 

An important question arises naturally from this discussion: what 
becomes of all the work that is done by the various forces? In some 
cases the results are obvious: for example, (1) the work done by an 
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accelerating force increases the speed of the body on which it acts; 
(2) the work done against the frictional forces produces an increase in 
temperature of one or more of the bodies involved; (3) the work done 
in lifting bodies produces an increase in the height of the body with 
respect to its former position. In each case the work done produces 
some change in the body or system on which the forces act. Another 
technical term is used to represent these changes; we say that the work 
done produces a change in the energy of the body or system of bodies. In 
the first case above, the energy of motion or kinetic energy of the body 
was increased; in the second case, the thermal energy of the bodies was 
increased; and in the third case, the positional energy or potential energy 
of the bodies was increased. In each case the magnitude of the change in 
energy is defined as equal to the work done on the body or system of 
bodies. 

% 

The concept of the energy of a body or system of bodies is much 
broader than may be inferred from the few cases mentioned above. There 
are other forms of energy such as electrical energy, magnetic energy, 
heat energy, and radiant energy, such as that obtained from the sun or 
an incandescent lamp. More than a century of experience has resulted 
in the formulation and establishment on a firm foundation of the prin¬ 
ciple of transformation and conservation of energy. This is the most 
general principle in physics and serves as the unifying principle for the 
entire science. It states that energy may be transformed from one type to 
another without loss, and that in a closed or isolated system the total amount 
of energy remains constant. 

Among the chief contributions of the science of physics to society 
are the discovery and harnessing of vast sources of energy, and the 
direction and conversion of this energy into forms easily available for 
the special needs of society. In the field of transportation, one of the 
most important sources of energy is the heat that is released by the 
combustion of coal; some of this heat energy is then converted by means 
of a steam engine into mechanical energy. In the case of the railroads, 
the steam engine is an integral part of the locomotive; in the steamship, 
the steam engine is mounted in the ship and connected by means of a 
drive shaft to the propeller. In some electrified railroads, the steam 
engine is kept at a central power plant, where it is used to turn an 
electric generator; the electric energy thus generated is transmitted by 
means of wires to electric motors in the locomotive or the cars, and then 
transformed into the mechanical energy necessary to operate the trains. 

Another important source of energy is the combustion of oil and 
gasoline. Automobiles and airplanes, which play such an important 
role in modern transportation, utilize this energy in appropriate internal 
combustion engines. A more detailed discussion of the operation of 
these engines will be taken up in the section entitled “Power.” 
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4. Types of Mechanical Energy: Kinetic and Potential Energy 

Physical concepts acquire more precise meanings when they can 
he measured and assigned numerical values. We have already seen 
that the work done by any force can be assigned a numerical value. 
Energy can also be assigned definite numerical values. For example, 



Fig. 3. The work done by a force F in accelerating a body which was 
originally at rest, increases its kinetic energy from zero to Jiww*. 


the kinetic energy of a body may be calculated from the work required 
to give it this kinetic energy. Suppose that a body of mass m, initially 
at rest, is acted upon by a constant force F for a distance d parallel to 
this force (see Figure 3). The work done is 


*W = F X d. 



Now, from Newton’s second law, we know that 


hence 


F = ma; 

VP = Fd = mad. 




The speed v which the body, starting from rest, acquires after it trav¬ 
erses a distance d under an acceleration a is given by the equation 


From this, we get 



(Chap. II, Eq. 6) 


so that 




This equation states that as a result of the work done by the 
accelerating force F acting through a distance d, the body acquires an 
amount of energy given by the term \mv 2 . This is the energy the body 
has in virtue of its motion and is called the kinetic energy of the body. 
We shall use the symbol £* to denote kinetic energy; thus 



The kinetic energy can be expressed in terms of the weight W of the 
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body by simply replacing m by its value W/g; thus 
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The units of energy are the same as the units of work. For example, 
the kinetic energy of a 4,000 lb automobile traveling at 60 miles an hour, 
or 88 ft/sec, is 

1 4,000 lb / ft V 
8 * " 2 32 ft/sec- X V 8 sec / 

= 484,000 ft lb. 


The unit of work in the c.g.s. system is the erg; one erg is defined as 
the work done by a force of one dyne acting through a distance of one 
centimeter. The erg is also the unit of energy in the c.g.s. system. For 
many practical problems the erg is found to be a very small unit of 
energy; hence to avoid the use of large numbers, another energy unit, 
called the joule , is used. The joule, by definition, is equal to ten mil¬ 
lion ergs. 

To show how these units are used, suppose we consider the example 
of a block of wood whose mass is 400 gm which acquires a speed of 
300 cm/sec after a constant force has been acting on it for a distance of 
90 cm. It is required to determine the force which is acting on this 
block of wood and the kinetic energy it acquires. 

The kinetic energy of the block of wood can be evaluated from the 
equation 

/ cm\ 2 

8* = \mv> = \ X 400 gm X ( 300— ) ; 

\ sec / 

6* = 18,000,000 ergs; 
or £* = 1.8 joules. 

Since the work done is equal to the kinetic energy acquired by the 
body, we can determine the force which acts on the body by using the 
equation 

Fd = \\mv 2 . (3) 

Substituting numerical values, we get 

F X 90 cm = 18,000,000 ergs; 
therefore F = 200,000 dynes. 

The potential energy of a body due to its position can also be 
evaluated from the work done in lifting the body. It will be recalled 
that the work done in lifting a body of weight W through a height h is 
Wh. This represents the increase in the positional or potential energy of 
the body. If the original position of the body is taken as the position 
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of zero potential energy (see Figure 4), then the potential energy £ p of 



Fig. 4. The work done in lifting a 
body through a height h increases its 
potential energy by an amount Wh. 


the body at a height h above this 
position is 



The potential energy can also be ex¬ 
pressed in terms of the mass m of 
the body, since 


W = mg, 



For example, if a body weighing 
30 lb is lifted through a height of 
12 ft, its potential energy in the new 
position is 


= 30 lb X 12 ft = 360 ft lb, 

assuming that its potential energy in the old position is zero. 

As another example suppose that a book whose mass is 2,500 gm 
has been lifted through a height of 200 cm. Its potential energy in the 
new position relative to its old position as zero can be found from the 
equation 

£ p = mgh. 

Using the value g = 980 cm/sec 2 and the given values for m and h, we get 


£ P = 2,500 gm X 980 


cm 

sec 2 


X 200 cm 


= 490,000,000 ergs 
= 49 joules. 

As another example let us consider the case of a ball of mass m 
thrown upward with an initial velocity v (see Figure 5). As a result of 
the work done on it, the ball leaves the hand with an amount of kinetic 
energy equal to \mv 1 . As it goes up, its speed, and hence its kinetic 
energy, decreases while its potential energy increases in such a way that 
the sum of the two remains constant provided that it loses no energy in 
going through the air. The ball will finally reach a point a height h 
above its starting position, at which point all of its energy will be po¬ 
tential, none of it kinetic, that is, at this point the speed of the ball will 
be zero. From the principle of conservation of energy, the final potential 
energy mgh will be equal to its initial kinetic energy ^mu 2 ; that is, 


mgh = \rnvi 1 



from which 
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It will then fall from this height h, losing potential energy and gaining 
kinetic energy. Again the sum of these two forms of energy will remain 




Fig. 5. Energy changes which take place when 
a ball is thrown upward with a speed v and then 
returns to its starting position. 


constant and equal to the initial kinetic energy of the ball, assuming that 
no energy is lost through air resistance. When the ball passes its starting 
position it will therefore have the same kinetic energy as when it was 
thrown upward and hence the speed with which it returns to its starting 
point will be just the same as the speed with which it was thrown 
upward. 

5. Energy Transformations 

A wide variety of energy transformations takes place in almost 
every type of transportation. In the transportation of material from 
New York to Chicago by train, for example, we can start with the train 
initially at rest and with zero mechanical energy. Energy is then 
supplied to it by the burning of coal, say, and the train moves on to 
Chicago. When it stops at Chicago its mechanical energy is reduced 
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to zero. A considerable amount of coal has been burned and the energy 
released by the combustion of this coal has been transformed into other 
forms of energy, obviously not of a mechanical nature. Some of the 
heat from the coal is used to raise the temperature of the water in the 
boiler of the locomotive and also to convert the water into steam at a 
high pressure. The rest of the heat from the burning coal goes up the 
chimney of the locomotive and out into the air. The steam is fed into 
the cylinder of the steam engine and a fraction of this energy is con¬ 
verted into mechanical work used to drive the train. The rest of this 
energy is sent into the atmosphere by conduction through the walls of 
the cylinder and bv the exhaust of the steam into the atmosphere. 

In starting the train some of the energy developed by the steam 
engine is used to increase the kinetic; energy of the train to accelerate 
it to the required speed, and some of the energy is dissipated in heating 
the bearings, wheels, and other parts where frictional forces come into 
play. Another portion of the energy developed by the steam engine is 
used to drive electric generators which supply electricity to operate the 
lighting system and the signal system in the cars. 

Most of the motion of the train is along level tracks, so that when 
the train is moving at uniform speed, none of the energy being developed 
is transformed into kinetic energy. All of it goes into heat by working 
against frictional forces and air resistance. As the train goes through 
hilly country, more work has to be done against gravity in pulling it 
uphill; more steam must then be supplied to the engine to do this 
additional work. This additional work increases the potential energy 
of the train. As the train goes downgrade, less work has to be done by 
the steam engine since the potential energy acquired in going uphill is 
now available for transformation into kinetic energy. 

6. Pendulum 

The motion of a pendulum is an interesting illustration of the 
transformation of mechanical energy from potential to kinetic and back 
again to potential. One of the important properties of a pendulum is 
the fact that its motion is periodic. This property was first discovered 
by Galileo, who observed the periodic motions of lamps which were 
hanging from cords. He found that the period of a pendulum was 
independent of the length of the arc in which it was swinging. He made 
a design of a pendulum clock but never actually constructed one. It 
was a Dutch physicist, Christian Huygens (1629-1695), who first de¬ 
veloped the mathematical theory of the pendulum, using the principle 
of the conservation of mechanical energy, and constructed the first 
pendulum clock in 1657. Newton also studied the motion of a pendulum, 
using pendulums of different lengths and also pendulums made of dif¬ 
ferent materials. 



§6] 


PENDULUM 


65 


To simplify the discussion let us consider an idealized type known 
as a simple pendulum (see Figure (5). A simple pendulum consists of a 
string of negligible weight, one end 
of which is attached to some fixed 
support 0; the other end of the 
string has a small ball, called a pen¬ 
dulum bob, attached to it. Let us 
consider the mass m of the pendu¬ 
lum bob as though it were concen¬ 
trated at its center C. The length 
of the pendulum is the distance 
from 0 to C. When the pendulum 
hangs vertically, the bob is in its 
lowest position; let us consider this 
position as the position of zero 
potential energy. To start the pen¬ 
dulum swinging the bob is pulled 
aside with the string kept taut; the bob actually moves in the arc of a 
circle of radius L. Suppose that it is moved to position A and then 
released. At position A it is at a height h above its original position and 
an amount of work equal to mgh must have been done to raise it to this 
point. This represents the potential energy of the pendulum at point 
A, and if we assume that no energy is lost in air resistance or in fric¬ 
tion at the point of support, mgh will also be the total energy of the 
pendulum throughout its motion. As the pendulum bob moves from 
A toward C, some of the potential energy is changed to kinetic energy, 
and when it gets to C, all of its energy is in the form of kinetic energy. 
If v is its speed when it passes through C, its kinetic energy is \mv-, and, 
using the principle of conservation of energy, we can write 

2 mv 2 = mgh , 

from which y2 = tyh* 

This will be recognized as the expression for the speed of a body which 
has fallen through a height h in the earth’s gravitational field. 

The pendulum bob will continue moving through C to point B 
which, according to the principle of conservation of energy, will be at 
a height h above C equal to that of point A. At point B t all of the 
energy of the pendulum will again be in the form of potential energy. 
At points between C and B and C and A, the energy is partly kinetic and 
partly potential, the total energy at every instant being equal to mgh. 
After having reached B, the pendulum bob will move back toward C and 
then keep on going to A. The motion from A through C to B and back 
again will repeat itself indefinitely provided there is no loss of energy 
to the outside. Actually there is a slight loss of energy during each 
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swing so that the length of the arc in which it moves gets smaller and 
smaller. 

The period of an ideal simple pendulum is found to depend upon 
only two factors, the length L of the pendulum and the acceleration g 
of a body in the earth's gravitational field at the place where the pen¬ 
dulum is swinging. Newton’s experiments showed that the period 
does not depend upon the material or the mass of the pendulum bob. 
The period is, by definition, the time required for a complete vibration of 
the pendulum, that is, the time required for the pendulum bob to go 
from A to B and back to A . The equation for the period P is 

( 8 ) 

If the length of arc through which the pendulum swings is not 
too big at the start of the motion, the period will not depend upon the 
arc; that is, it will remain the same even when the length of arc de¬ 
creases. The type of motion exemplified by a pendulum moving through 
a short arc is called simple harmonic motion , and is a type of motion 
which is of importance in many branches of physics. ' We shall have 
many occasions to refer to this type of motion. 

Actual physical pendulums are not simple pendulums; Huygens 
showed how the motion of any physical pendulum could be studied in 
terms of an equivalent simple pendulum which has the same period as 
the physical pendulum. A physical pendulum can be used for one of 
two things, either as a timing device in clocks, or as a device for de¬ 
termining the value of g, the acceleration of a freely falling body in the 
earth’s gravitational field. 

For example, suppose that a pendulum of length L equal to 100 cm 
is used to evaluate g at a given location. The period of the pendulum is 
then determined experimentally; suppose that it is found to be 2.01 
seconds. We can solve for g from equation (8), obtaining 

4tt 2 L 

G ~ p 2 » 

putting in the numerical values, we get 



47r 2 X 100 cm 
(2.01) 2 sec 2 


= 977 cm/sec 2 . 


7. Simple Machines 

Simple machines as aids in the lifting and lowering of loads have 
been known since ancient times. Among these simple machines are the 
inclined plane, the lever, the pulley, the wheel and axle, the wedge, the 
screw and nut, the water screw, and the pump. In each of these simple 
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machines, the magnitude of the force required is generally less than the 
weight of the object to be lifted, and the direction of the force required 
is usually arranged so that it is more conveniently applied. In the 
course of time combinations of these simple machines have been de¬ 
veloped for the handling of heavier loads, for greater speed in the 
handling of given loads, and for greater precision in the placing of these 
loads. At the same time, the power for the operation of these machines 
has been shifted from human beings and beasts of burden to heat 
engines and electric motors. Accompanying this shift in motive power 
has come a change in the type of person required to handle the problem; 
the man of brawn has been replaced by the man of skill. 



Fig. 7. Modem electrically-operated shovels used in 
earth-moving operations. (Courtesy of General Electric 

Company.) 


All types of modem building construction, whether private dwell¬ 
ings, commercial buildings, public buildings, or monuments, involve the 
vertical transportation of tremendous amounts of material. Large 
edifices such as the Pyramids and the Chinese Wall testify to the skill 
in construction work developed very early in the history' of civilization. 
A great deal of skill and inventiveness was utilized in the construction 
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of fortifications. The great amount of work required in such con¬ 
struction was. and to a great extent still is. supplied by human labor. 
It is now being displaced to some extent, however, by steam shovels and 
power-operated hoists, cranes, and derricks. Again, the type of labor 
necessary is being changed from one of muscular strength to that of 
specialized skill necessary to operate and control the mechanical devices. 
In the larger urban communities the act of walking upstairs under one’s 
own motive power is in many instances replaced bv the vertical trans¬ 
portation of passengers in electrically operated elevators or escalators. 




Fio. 8. Modern power-operated coal loading machine. (Courtesy of 

Bituminous Coal Institute.) 


An idea of the magnitude of the problem of transportation may be 
obtained by considering a single operation in one industry, for example, 
coal mining. As late as 1923, hand shoveling of coal was the largest 
single task of about half a million men in the coal mines. After the coal 
is shot down, the hand miner has to shovel the coal into the mine car. 
This act involves lifting the coal vertically a height of 2 to 5 feet and then 
casting it horizontally about 0 to 12 feet. The tonnage handled in this 
way each year equals the total weight moved in excavating the Panama 
Canal. Beginning about 1922, successful mobile loading machines were 
introduced into the mines. In 1940 about 58% of the bituminous coal 
mined undergound and 30% of the anthracite coal were loaded by 
machinery, and this trend is steadily increasing. Also, over 90% of the 
bituminous coal mined is now cut by machines. 
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In all loading operations the net result accomplished is the lifting of 
a weight W through a height h, that is, increasing the potential energy of 
the weight that is moved. This is usually accomplished by the exertion 
of a comparatively small force F through a large distance d, with the aid 
of some machine. Just as we have done in other cases, so in the treat¬ 
ment of simple machines, we make certain simplifying assumptions. 
We shall assume, for example, that the bodies which are moved are 
always in equilibrium, that is, they will be moving with constant velocity. 
We can therefore neglect any changes that take place in the kinetic 
energies of the bodies. 

Since frictional forces invariably enter into the operation of ma¬ 
chines, some of the work done will be converted into thermal energy. 
Instead of considering the thermal energy explicitly at this stage, we 
shall introduce the term mechanical efficiency, E , which is the ratio of 
the mechanical work Wh delivered by the machine to the mechanical 
work Fd supplied to the machine, or 


work delivered by machine Wh 
___ - _ - • 

— work supplied to machine Fd 

In a frictionless machine, the mechanical efficiency would be 
since, from the principle of conservation of energy, 

Wh = Fd. 


(9) 

100 %, 

( 10 ) 


The difference between the actual efficiency of the machine and 100% 
represents the fraction of the energy which has been converted into 
thermal energy. 


8. Inclined Plane as a Simple Machine 

One of the simplest machines is the inclined plane; in one form it 
is merely a smooth board of length L reaching from the ground to the 
car or platform at a height // above the ground (see Figure 9a). The 
object of weight W is pulled up the plane by a force F, and if friction is 
negligible, then 

FL = W1I, 


so that 



Thus a smaller force is required to pull the body along the plane than 
to lift it vertically. By comparing this with Section 7 of Chapter II, 
it will be seen that F is simply equal and opposite to the component of 
the weight along the inclined plane. 

If there is friction between the plane and the body, then a force 
of friction / will act on the body in such a direction as to oppose the 
motion (see Figure 9b). The total force necessary to move the body 
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up the plane with uniform speed is now the sum of the original force F 
and a force equal and opposite to the force of friction. The total work 
done in moving the body up the plane is now 

‘W = (F+/)XL. 

The efficiency of the inclined plane as a machine is 


E = 


WH 


{F + f)L ’ 

and is less than 100% because of the work done against friction 


The same inclined plane can be 
used for unloading heavy objects 
as well. This is done by tying a 
stout rope around the object and 
allowing it to slide down the in¬ 
clined plane with uniform speed. 
To prevent the body from being 
accelerated down the plane, one must 
pull on the rope (see Figure 9c). 
The forces acting on the body when 
it is moving down the plane are 
identical with those acting on it 
when it is being pulled up the plane 
except that the force of friction is 
now reversed, since it always opposes 
the motion. The force that must be 
exerted on the rope is now F — f 
instead of F -f- /. 

To clarify these concepts sup¬ 
pose we consider the problem of 
loading a safe weighing 240 lb onto 
a truck by using an inclined plane 
12 ft long, one end of which is at¬ 
tached to the truck at a height of 4 ft 
above the ground. A cable, which 
is wound on a drum operated by a 
gasoline engine, is used to pull the 
safe up the inclined plane and exerts 
a force of 125 lb on it. The effi¬ 
ciency of the inclined plane as a 
machine is 

E _ work output 
work input 



(c) Motion down plane, with friction 


Fig. 9. Forces acting on a body 
which is being pulled up (a) a fric¬ 
tionless inclined plane, (b) a rough 
inclined plane, (c) Forces acting on 
a body which is being lowered on a 
rough inclined plane. 


240 lb X 4 ft 
125 lb X 12 ft 


64%. 
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If there were no friction, the force needed to pull the safe along the 
plane would be 

F = TT*y = 240 lb X = 80 lb. 

The force of friction opposing the motion upward is therefore 45 lb. 

If, later, the safe is to be unloaded from the truck using the same 
inclined plane, a force will still have to be exerted on the safe in a direc¬ 
tion upward along the plane to prevent it from being accelerated down 
the plane. Since friction will provide a retarding force of 45 lb, the cable 
will have to exert an additional force of 35 lb because the sum of these 
two must equal 80 lb, the component of the weight parallel to the in¬ 
clined plane. 

9. The Pulley System 

Another extremely useful simple machine is the pulley system, or 
“block and tackle,” as it is sometimes called. The simplest pulley 
system consists of a rope passing around a wheel mounted on an axle 
fixed to some stationary support, as shown in Figure 10. By pulling 



Fia. 10. A fixed pulley. 



Fio. 11. A small hoist. 


down on the free end of the rope with a force F, the weight W is lifted 
up. The distance the force F moves down is the same as the height 
through which the weight is lifted. If friction between the wheel and its 
axle is neglected, the force F is equal to the weight W. The usefulness 
of such a pulley system is that it provides a method for changing the 
direction of the force needed to lift the weight. For example, if the 
end of the rope A is attached to a cylinder or drum which is rotated 
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about a horizontal axle with the aid of an electric motor, then the 



Fig. 12. A combination of a fixed 
and a movable pulley. 


weight W is lifted as the rope is 
wound on the drum (see Figure 11). 
This arrangement is typical of many 
small hoists. 

Another method of using the 
pulley system is to have at least one 
pulley movable, as shown in Figure 
12. The weight to be lifted is at¬ 
tached to the movable pulley B, and 
for every foot that this pulley moves 
up. two feet of rope have to be 
pulled over the fixed pulley C. The 
force F moves through a distance 
d which is equal to twice the height 
h through which W is lifted, so that 
the force F = W/2. Ot her arrange¬ 
ments of ropes and pulleys can be 
used so that the force F can be a 
smaller fraction of the weight lifted. 


10. The Lever 

Both as a simple machine itself and as a component part of some 
complicated machines, the lever has many uses. Some of the more 
common examples of levers are the shovel, crowbar, pliers, hammer, 
tongs, scissors, and wrench. Essentially, a lever consists of a rigid bar 
capable of rotating about some point of support known as the fulcrum 
or the axis. Figure 13 shows a simplified form of lever in which a 



Fig. 13. A lever. 


weight W at one end of the rigid bar AB is moved up a distance h while 
a force F applied at the other end moves down a distance d. The bar 
rotates about the point O. Neglecting frictional effects, we have again 

Fd = Wh 
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therefore 


d OB 
h ~ OA ’ 

W OB 
F ~ OA ’ 


so that the ratio W/F is the inverse of the ratio of their lever arms OB 
and OA. To lift a very heavy weight by the exertion of a moderate 
force, the fulcrum should be placed very close to the weight to be lifted. 

To say this another way, the product of IF bv the perpendicular 
distance from O to the line of action of IF is equal to the product of F 
by its perpendicular distance from O. The product of a force by the 
perpendicular distance from the axis to the line of action of the force is 
called the moment of the force or simply the torque. It is the moment of 
the force which produces the rotation of the body about the axis. The 
moment of a force has a definite direction, the direction in which it will 
produce rotational motion. Thus the moment of the force F about 0 in 
Figure 13 will produce a rotation of the bar in a clockwise direction, while 
the moment of IF about O will produce rotation in a counterclockwise 
direction. The bar will be in equilibrium as far as rotational motion is 
concerned when the sum of the clockwise moments about an> r point as 
axis is equal to the sum of all the counterclockwise moments about 
the same point. This additional condition for the equilibrium of a rigid 
body must be satisfied if the body is to be in equilibrium as far as rota¬ 
tional motion is concerned. 

We had not previously concerned ourselves with possible changes 
in the rotational motion of a body and therefore had no need for this 
second condition of equilibrium. It will be recalled that the first con¬ 
dition for the equilibrium of a body under the action of external forces 
is that the resultant of these external forces must be zero. This con¬ 
dition is inherent in Newton’s first law of motion. In all our previous 
discussion there was the tacit assumption either that the body could be 
considered small enough to be treated as a particle and that all the 
forces passed through this particle, or, if the body was large, that the 
forces passed through a single point in the body. The only type of 
motion in such a case is one in which all the particles of the body move 
parallel to each other at any instant. This is called a motion of trans¬ 
lation. 

However, when the forces do not act through a single point, then, 
for the body to be in equilibrium, both conditions of equilibrium must 
be satisfied. These conditions follow: 

1. The resultant of all the external forces which act on a body must 
be zero , and 
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2. The sum of the clockwise moments of the forces about any axis must 
equal the sum of the counterclockwise moments of the forces about the same 
axis. 

If the first condition is satisfied, there will be equilibrium as far as 
translational motion is concerned; if the second condition is satisfied, 
there will be equilibrium as far as rotational motion is concerned. 

11. Center of Gravity 

In all of our discussions we 
have treated the weight of a body as 
a single force which the earth exerts 
on the body. This force was repre¬ 
sented by a single vector W acting 
vertically downward, but we have 
never stated explicitly how to de¬ 
termine the point in the body 
through which this weight acts and 
through which the vector W is to 
be drawn. The earth exerts a force 
on each particle of a body, and the 
weight W is the resultant of the 
forces which act on all these par¬ 
ticles (see Figure 14). If we try to 
support a body with a single force 
F acting vertically upward, then 
we know from the first condition 
of equilibrium that F = W. How¬ 
ever, this condition is not sufficient 
to ensure equilibrium; in general, 
if the body is supported at any point A, it 
will rotate about this point and ultimately come 
to rest (see Figure 15). Since it is in equilibrium, 
we know that not only is the force F = W, but 
the moments of these two forces are equal in 
magnitude and opposite in direction. This second 
condition can only be fulfilled if F and W act along 
the same straight line. If the body is now sup¬ 
ported at some other point B, again wdien the 
body comes to rest, the force F at B and the 
weight W will be in the same straight line, this 
time the line passing through B. The lines pass¬ 
ing through A and B intersect at some point C 
called the center of gravity of the body. If the 
body is now supported by a single force F = W 



Fig. 15. Method for 
determining the center 
of gravity of an irregu¬ 
larly-shaped object. 



Fig. 14. 


Center of gravity of a uni¬ 
form rod. 
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acting through this point, the body will be in equilibrium no matter 
how it is oriented. Thus the weight IF of the body is to be considered 
as acting through the center of gravity of the body. 

A knowledge of the position of the center of gravity of a body is of 
great importance in many problems in physics and engineering. In a 
few simple cases, the center of gravity may be computed readily. For 
example, if the body is homogeneous throughout, that is, made of the 
same material, and if it has some simple geometrical shape such as a 
sphere, a circular disk, a cylinder, a rectangle, a cube, or a triangle, 
the center of gravity is at the geometrical center (see Figure 16). If the 




Fig. 16. Centers of gravity of some simple geometrical figures. 

body is complex and made up of several parts and of different types of 
materials, the calculation of the position of the center of gravity becomes 
very involved. It may be simpler and easier to perform an experiment 
similar in principle to the one discussed above to determine the center 
of gravity of such a body. 

QUESTIONS AND EXERCISES 

1. A man carries a valise weighing 50 lb along a level street. Does he do 
any work on the valise? Does he do any work in a physiological sense? 

2. A man pushes a crate weighing 200 lb for a distance of 15 ft, exerting a 
horizontal force of 60 lb on it. How much work does he do? Into what form of 
energy is this work transformed? 

3. A man pulls a sled by means of a rope along a level road at constant 
speed. The rope makes an angle of 60° with the horizontal. If the man exerts 
a force of 25 lb, how much work does he do in pulling the sled a distance of 
200 ft? Into what form of energy is this work transformed? 

4. A man weighing 150 lb walks up a flight of stairs 12 ft high. How much 
work does he do? Into what form of energy is this work transformed? If the 
man ran upstairs, how much work would he have done? 

6. Discuss the work done when a pitcher throws a baseball; indicate the 
distance through which he exerts a force on the ball. If the ball weighs 0.5 lb 
and leaves the pitcher’s hand with a speed of 40 ft/sec, how much work is done 
on the ball? How much kinetic energy does the ball have? 

6. A car weighing 3,500 lb goes up a long hill which rises 3 ft for every 
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100 ft of length, commonly called a 3 per cent grade. What is the increase in 
its potential energy after it has traveled one mile? 

7. An automobile weighing 3,000 lb, starting from rest, acquires a speed 
of 30 mi/hr in a distance of 150 ft. (a) Determine the final kinetic energy of 
the automobile, (b) Determine the force which accelerated it. 

8. A mass of 6 kilograms is lifted through a height of 3 meters. Determine 
the increase in its potential energy. 

9. A ball whose mass is 250 gm is given a speed of 300 cm/sec. Determine 
its kinetic energy. 

10. A simple pendulum whose length is 90 cm swings in the earth’s gravi¬ 
tational field where g = 980 cm/sec 2 . Determine its period. 

11. Determine the length of a simple pendulum whose period is one second. 


12. A simple pendulum whose length is 120 cm is pulled aside and started 
from a position which is 15 cm above its lowest point. The pendulum bob has 
a mass of 50 gm. Determine (a) the potential energy of the pendulum in its 
starting position, (b) its kinetic energy when it goes through its lowest position 
and (c) its speed in its lowest position. 



13. A 250 lb crate is pulled up a very smooth inclined 
plane which is 16 ft long; its raised end is 4 ft above the 
ground. Assuming the plane to be frictionless, determine 
(a) the work done in pulling it up the plane and (b) the force 
exerted in doing this work. 

14. A 250 lb crate is allowed to move down a smooth 
inclined plane with a uniform speed of 2 ft/sec. The plane 
is 16 ft long and one end is raised 4 ft above the ground, 
(a) What is the magnitude and direction of the force that 
must be exerted on the crate to lower it? (b) Discuss the 
energy changes which take place when the crate is lowered. 

15. A force of 100 lb must be exerted to pull a 250 lb 
crate up an inclined plane 16 ft long whose raised end is 4 ft 
above the ground. Determine (a) the amount of work done 
in pulling the crate up the plane and (b) the efficiency of this 
plane as a machine. 

16. The lever forms the basis for many tools, such as 
the claw hammer, wrench, crowbar, pliers, scissors, and so 
forth. Analyze these tools as levers, noting the fulcrum in 
each case and the lever arms. 

17. Discuss the process of rowing a boat in terms of 
the oars as levers. Determine the position of the fulcrum 
and the lengths of the lever arms. 

18. If the pulley system sketched in Figure 17 is fric¬ 
tionless, what force would be required to lift a 300 lb weight? 


19. In the operation of the pulley system sketched in Figure 17, a force of 
90 lb is required to lift a 300 lb weight. Determine the efficiency of this pulley. 




CHAPTER 


Fluids and Motion 


1. Introduction 

With more than half the earth’s surface covered by oceans and seas 
and with early civilizations settling in river valleys, it is not surprising 
that mankind learned how to use waterways as a means of transportation 
and also learned how to transport water itself long before the dawn of 


the scientific era, the era which the work of Galileo inaugurated. On 
the other hand, even though man has always lived at the bottom of an 
ocean of air, the atmosphere, he was not able to master this as a medium 
of transportation until after the beginning of the scientific era. Al¬ 
though man had great flights of the imagination, it was not until the 
Montgolfier brothers sent a free balloon above Paris in 1783 that he 



Engraving showing first successful free balloon flight sent up by the 
Montgolfiers brothers in 1783. (Courtesy of Culver Service.) 


succeeded in adding a third dimension to his motion. The first manned 
balloon was flown in the same year by de Rozier. By 1800, long-distance 
balloon flights were quite common in France and England. Another 
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century was to pass before a controlled, heavier-than-air, motor-driven 
airplane was flown successfully by the Wright brothers at Kitty Hawk, 



Fig. 2. First successful airplane flight of the Wright brothers at Kitty Hawk, 
North Carolina, in 1903. (Courtesy of Culver Service.) 


North Carolina, in 1903. In the next few years three-dimensional 
motion made very rapid strides, and today it is a common, everyday 
occurrence. 

2. Fluids and Solids 

In this chapter we shall discuss the physical principles underlying 
the developments outlined above. The general laws such as Newton's 
laws of motion, the law of conservation of energy, the law of conserva¬ 
tion of momentum, which were developed in the previous chapters, are 
applicable to fluids as well as to solids. The essential difference be¬ 
tween a solid and a fluid is that a solid has a definite size and a definite 
shape; these change only slightly when the solid is subject to external 
forces. A fluid, as the word implies, flows readily under the application 
of an external force. Fluids are generally considered under two groups, 
liquids and gases. A liquid, although possessing a definite size or volume, 
changes its shape very readily. When at rest, a liquid generally takes 
the shape of the containing vessel. If the container is open to the 
atmosphere or if its volume is greater than that of the liquid put into it, 
there will be a free surface at the top of the liquid. A mass of gas differs 
from a liquid in that it has neither a definite shape nor a definite volume. 
A mass of gas, when put in a container, will completely fill the container. 
The volume of the gas becomes the same as the volume of the container, 
provided the latter is closed. 
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The differences of behavior of solids and fluids when subjected to 
external forces are shown by many phenomena which are interesting in 
themselves and are important because of their numerous practical 
applications. In addition, these differences present a challenge to the 
scientist because they are undoubtedly due to some very fundamental 
causes. Attempts to explain the properties of matter have led to the 
idea that all matter is composed of molecules. Molecules of any one 
substance are characteristic of that substance. The particular state of 
the substance, whether solid, liquid, or gas, must evidently depend 
upon the nature of the forces between the molecules and the magnitudes 
of these forces. Thus in attempting to explain the properties of matter 
as disclosed by a study of some large-scale phenomena, sometimes called 
macroscopic phenomena, we find that we have to analyze the structure 
of matter; that is, we have to investigate microscopic phenomena. 

As we proceed in our study we shall find that attempts to explain 
phenomena on the microscopic scale of events will not end with a study 
of molecular physics but will lead us to an analysis of the structure of 
molecules. Molecules, as we shall see, are composed of atoms, and 
these in turn are composed of other particles such as electrons, protons, 
and neutrons. Each new stage or level in our analysis will lead not only 
to a better understanding of the phenomena already known, but also 
to many new phenomena. In this way science becomes a body of con¬ 
tinually increasing positive knowledge. 

To return to the immediate subject under discussion, the differences 
between solids and fluids, the molecules of a substance in the solid state 
must occupy relatively fixed positions as a result of the actions of forces 
between them. These forces are probably of electrical origin. The 
molecules need not be at rest; there is good evidence to show that they 
oscillate through very small distances about these fixed positions as 
centers. The molecules arrange themselves in fixed space patterns as a 
result of the action of these forces, 
and when a fixed space pattern 
is repeated for a very large num¬ 
ber of molecules, the solid appears 
in the form of a large crystal. 

Familiar examples are crystals of 
salt, snow, ice, diamond, and so 
forth. Even when the crystals 
are not large enough to be de¬ 
tected by the unaided eye, X-ray 
analysis shows the solid still has 
a regular, ordered arrangement of its molecules, that is, they form small¬ 
sized crystals, sometimes called microcrystals. 

Although the spacings of the molecules of a liquid are not much 



Fig. 3. Model showing arrangement of 
carbon atoms in a diamond crystal. 
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different from those of a solid of the same substance, the forces between 
them must be slightly different and sufficiently reduced in magnitude 
so that individual molecules can move around and exchange neighbors 
rather freelv. X-rav analysis shows that there is some ordered arrange- 
ment of molecules even in a liquid, but not to the same extent as in a 
solid. In a gas, the distances between molecules are greater than in 
a liquid of the same substance; the forces between the molecules of a 
gas are very small. As a matter of fact, in a so-called ideal gas (see 
Chapter VI). the forces between molecules are zero except during 
collisions between them. 

We shall have occasion to cons der these and many other topics 
from the microscopic point of view both because they are interesting and 
important in themselves and because they help us to understand many 
of the macroscopic phenomena discussed in this book. 



Fig. 4. Archimedes of Syracuse (287-212 n.c.). Mathematician and 
physicist. Discovered law of the lever as well as the principle which hears 
his name. The above is a photograph of a mosaic found in the floor of a room 
in Pompeii; it depicts the death of Archimedes at the hands of a Roman 

soldier. (Courtesy of Seri pin Mathematica.) 


3. Floating Ships— Principle of Archimedes 

The fact that some objects float in water while others sink to the 
bottom has been known for centuries, but it was Archimedes (2S7- 
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212 b.c.) who was the first to discover the principle underlying these 
phenomena. To understand Archimedes’ principle, let us perform an 
experiment to determine the forces which act on an object totally im¬ 
mersed in water. Let us take a glass cylinder with graduations marked 
on it to indicate the volume at different levels and put water in it to 
some arbitrary level. If we now take some regularly shaped solid of 
known volume and immerse it completely in the water (see Figure 5), 
the water will rise to a new level. A measurement of the difference in 
levels of the water will show that the body has displaced a volume of 
water equal to its own volume. Now let us consider the forces which act 



(a) (b) 

Fig. 5. Method of determining the volume 
of a liquid displaced by a body immersed 

in it. 



Fig. 6. Buoyant force 
on a body immersed in 
a liquid. 


on the body in the water. There is, first, the weight W of the body 
pulling it down. There must be an additional force acting upward on 
this body; this fact can best be understood by imagining the volume 
occupied by the body to be occupied instead by an equal volume of water. 
This volume of water will obviously be in equilibrium; in other words, 
its weight must be supported by the action of the rest of the water. 
Hence, no matter what material occupies this volume there will be a 
force upward on it equal to the weight of the water displaced. This 
upward force exerted by the rest of the water is known as the buoyant 
force (see Figure 6). 
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Archimedes' principle is a generalization of the result obtained 
above: it states that any object immersed in a fluid is buoyed up by a force 
equal to the weight of the fluid displaced. The question that still remains 
to be answered is, will the body which is put into the water go up or 
down? The result depends not only upon the buoyant force but also 
upon the weight of the body itself. If its weight W is greater than that 
of an equal volume of water, the resultant force on it will be downward 
and the body will sink to the bottom. If the weight W is less than the 
weight of water displaced, the resultant force will be upward and the 
body will go up, and will come to rest with part of its volume above the 
surface so as to establish equilibrium. Equilibrium will be reached 
when the weight of water displaced becomes equal to the weight of 
the body; it is then said to be floating in the water. 

A ship afloat thus displaces its own weight in water. The weight 
of a ship is frequently expressed in terms of the weight of water it dis¬ 
places. Thus there are ships of 10,000 tons’ displacement, 15,000 tons’ 
displacement, and so forth. As the ship is loaded with fuel, freight, 
passengers, it displaces a correspondingly greater amount of water, and 
more of it is submerged in the water. There is usually a definite water 
line marked on a ship indicating the level to which the ship may be 
immersed in the water and still be safe. 

While the above discussion was confined to objects immersed in 
water, the same ideas will also hold for objects immersed in any liquid. 

4. Pressure in a Liquid 

Archimedes’ principle helps us to decide whether a given body will 
sink or float when immersed in a liquid, but it does not give us an under¬ 
standing of the origin or source of the buoyant force exerted by the 
liquid. To understand the origin of the buoyant force we have to 
examine the forces that are produced inside a liquid. We have men¬ 
tioned that there are differences in the behavior of solids and fluids when 




Fig. 7. Different methods of applying forces to solids and fluids. 


they are subjected to external forces. One important difference is that 
although a force can be applied to a single point on a solid, for example, 
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by pushing on it with a very thin rod, an attempt to do this to a liquid 
or a gas will merely cause the rod to penetrate the fluid. In order to 
exert a force on a fluid, the force must be distributed over an area of the 
fluid. This can be done, for example, by putting the fluid in a cylinder 
which has a tightly fitting piston at one end. A force can now be 
exerted on the fluid by pushing down on the piston (see Figure 7). 

In discussing forces exerted by and on fluids, it has been found 
very convenient to introduce a new term called pressure. Pressure is 
defined as the ratio of the force acting on a surface to the area of the 
surface over which it acts, that is 

force 

pressure = - 

area 


or, in symbols, 




where P is the pressure, F the force acting, and A the area over which 
it acts. Pressure may be expressed in any convenient set of units: 
lb/in 2 , dynes/cm 2 , gm/cm 2 , and so forth. 

The pressure at any point inside a liquid at rest can usually be 
traced to one of two sources: it is due either.to the weight of the liquid 
above that point, or to the application of an external force to the liquid. 
In some cases the pressure may be due to both causes simultaneously, 
but we shall analyze them separately. 


5. Pressure Produced by the Weight of a Liquid 

If we put some water into a cylindrical glass jar, the base of the jar 
must support the weight of the water. The pressure on the base is 
equal to the weight of the water divided by the area of the base. If we 
add more water to the jar, the pressure on the base will increase. Since 
the height of water in the jar is directly proportional to the weight of the 
water, we can say that the pressure on the base is directly proportional 
to the height of water above it. 

Not only is there a pressure at the bottom of the liquid but there is 
a pressure at every point in the liquid due to the height of water above 
this point. We can imagine a horizontal surface drawn at any point 
in the water and note that the weight of water above this surface pro¬ 
duces a pressure on it. We can also perform a very simple experiment 
to show the existence of such a pressure. Let us take a hollow glass 
cylinder open at both ends and cover one end with a very thin, light 
aluminum disk. Now let us lower this hollow cylinder into the water 
with the closed end downward as shown in Figure 8. It will be neces¬ 
sary to hold the aluminum disk in place until it has been lowered a short 
distance into the water. If the lower edge of the cylinder is flat so that 
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no water seeps into it, the aluminum disk will be pressed against the 
bottom of the cylinder by the pressure of the water outside. This illus- 





Fic;. 8. Force produced by the pressure of a liquid against a surface acts 
perpendicular to the surface, (a) Disk acted on by force /•’ due to height // 
of liquid outside cylinder, (b) and (e) Disk acted upon by weight w of liquid 

inside cylinder in addition to the force F. 


trates a very important fact, that is, that the force produced by the 
pressure of the water against a surface acts perpendicular to the surface. 
In this experiment, the force acts upward on the disk even though it is 
produced by the pressure of the water above this point. 

As we push the empty cylinder farther down, the pressure against 
the disk becomes greater. To show that this pressure is due to the water 
above the disk, let us now pour water slowly into the hollow cylinder. 
It will be found that as long as the height of the water inside the cylinder 
is less than that outside, the disk will be held against the bottom of the 
cylinder. When the level of-the water inside the hollow cylinder becomes 
equal to that outside, the pressure of the water inside will just equal 
that outside and there will be no force on the disk, except its weight. 

It will then separate from the 
cylinder and sink in the water. 

No matter what surface is 
in contact with water at rest, 
the pressure of the water will 
produce a force at right angles 
to the surface. For example, 
there are forces at right angles 
to the inside surface of the jar 
produced by the pressure of the 
water in it. If an opening is 
made along the side of the con¬ 
tainer at right angles to the sur¬ 
face, water will be pushed out in a horizontal direction (see Figure 9). 



Fig. 9. Speed with which water comes out 
of an orifice when the surface is at a 
height h above it is the same as the speed 
acquired by a freely falling body which 
has been dropped from the same height h. 
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The greater the height of the water above this opening, the greater will 
be the speed of the water coming out of it. As a matter of fact, it can 
be shown by a simple application of the principle of the conservation of 
energy, that, if friction is negligible, the speed v with which the water 
comes out of the opening is exactly equal to the speed it would have 
acquired in falling through a height h, where h is the height of the water 
above it, that is, 

v 2 = 2 gh. 

We are now in a position to understand the origin of the buoyant 
force which acts on a body immersed in a liquid. As we have seen, the 
pressure in a liquid is different at different levels and produces forces 
which act at right angles to the surface of the immersed body. The 
pressure on the lower surface of the immersed body produces a force 
which acts upward; this upward force is greater than the downward 
force produced by the pressure on the upper surface. The difference 
between these two forces is the buoyant force of the liquid which acts on 
the immersed body. 

6. Pressure and Density 

In the previous sections it was shown that the pressure at any point 
in a liquid at rest is proportional to the height of the liquid above this 
point. If we compare different liquids, however, we find that an addi¬ 
tional factor, characteristic of the liquid, has to be taken into con¬ 
sideration. A simple way of showing this is to repeat the above experi¬ 
ment with the empty hollow cylinder placed vertically in a jar of water 
with the aluminum disk closing the lower end of the cylinder. The pres¬ 
sure on the aluminum disk will be that due to a column of water of 
height //, where H is the distance of the disk below the surface of the 
water (see Figure 10). If, instead of pouring water into the hollow 


Wafer-J 



Aluminum 


-M— I dUC I. — 

(a) (b) 



Fia. 10. Columns of liquids of different densities which produce equal pressures. 


cylinder, we now pour another liquid, say mercury, into the cylinder, 
it will be found that a very much smaller height h\ of mercury inside 


% 
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the cylinder will produce the same pressure as the height H of water 
outside the cylinder. If we repeat this experiment but now pour alcohol 
instead of mercury into the hollow cylinder, it will be found that the 
alcohol will reach a level h 2 higher than that of the water outside when 
it produces a pressure equal to that outside the disk. 

These three liquids all have the same weight when they produce the 
same pressure on the disk, but they have different volumes. If we com¬ 
pare the weights of equal volumes of the liquids, we find that alcohol 
has the smallest weight for a given volume, mercury the greatest weight 
for the same volume, and water a weight slightly greater than that of 
alcohol and much less than that of mercury for equal volumes. 

Instead of talking about the weight of a given volume, physicists 
prefer to use the term density , which is defined as the ratio of the mass of 
a substance to its volume, that is. 


mass 

density = —:-, 

volume 



where d is the density of the substance, M its mass, and V its volume. 
This definition holds not only for liquids, but for solids and gases as well. 

To refer to the three liquids discussed above, mercury has the 
greatest density and alcohol the smallest density. The numerical value 
of the density of a substance depends upon the units used in expressing 
mass and volume. For example, in the e.g.s. system, the density of 
water is 1 gm/cm 3 , that of alcohol is 0.90 gm/cm 3 , and that of mercury is 
13.(5 gm/cm 3 . In the English system, the density of water is 62.4 lb/ft 3 , 
that of alcohol is 56.2 lb/ft 3 , and that of mercury is 849 lb/ft 3 . The 
densities of a few substances are listed in Table I in the Appendix. 

The above experiments show that the pressure P at any point in a 
liquid due to the weight of the liquid depends simply upon two factors, 
the height h of the liquid above this point and the density d of the liquid. 
This relationship can be put in the form of an equation such as 

P = khd 


where k is a constant of proportionality which depends upon the system 
of units used in expressing the various quantities. If we set k = 1, this* 
equation becomes simply 

(3) 



and the units of P will be determined by the units used for h and d. 

For example, suppose that we want to find the pressure due to the 
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weight of a column of water 4 ft high. Since the density of water is 
62.4 lb/ft 3 , the pressure P is 

P = 4 ft X 62.4 lb 


ft* 


or 


P = 249.6 


]b 

ft* 


If we are interested in the pressure due to a column of mercury 76 cm 
high, we find that, since the density of mercury is 13.6 gm/cm 3 , the pres¬ 
sure P is 


P = 76 cm X 13.6 


gm 


cm 


= 1033.6 


gm 


cm 


Wafer 


H 


Oil 


The fact that the pressure at any point in a liquid depends only 
upon two factors, height and density, gives us a simple means of com¬ 
paring the densities of liquids. Figure 11 
shows a U-tube which has some mercury 
in it; the level of the mercury is the 
same in each arm of the U-tube. If we 
pour some water, say, into one arm of 
the tube and some oil into the other arm, 
keeping the levels of mercury equal, 
the two liquids will stand at different 
heights above the mercury. If we call 
h the height of the water above the mer¬ 
cury and H the height of the oil above 
the mercury, then, since each liquid 
exerts the same pressure on the mercury, 
we can write 

hd = HD (4) 

where d is the density of the water and 
D is the density of the oil. Since the 
density of the water is known, the den¬ 
sity of the oil can be found very readily. 

One consequence of the fact that 
the pressure depends only upon the 
height and density of a liquid is that, if a 
liquid is poured into a series of connected 

vessels, the liquid will come to rest at the same level in each vessel no 
matter what the shape of the vessel is (see Figure 12). One practical 
application of this is the use of a small glass tube connected to a large 
container of liquid to show the level of the liquid inside. Such liquid 



Fig. 11. Balanced columns of 
liquids of different densities; the 
heights of the two columns are 
in the inverse ratio of the 
densities of the liquids. 
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level gauges are used on boilers and coffee urns. Another practical appli¬ 
cation is in the building of a dam for a water reservoir. The strength 



Fig. 12. A liquid at rest in a series of connected vessels of different 
shapes. The level of the liquid is the same in each vessel. 


of the dam must be such as to withstand the force produced by the 
piessuie ot the waterj this depends only upon the level of the water, 
not the actual quantity of water impounded behind the dam. 



Fig. 13. A pressure 
P is produced in a 
confined liquid by 
the application of a 
force F to a piston 
of area A in con¬ 
tact with the liquid 
in the cylinder. 



Fig. 14. Blaise Pascal (1623-1062). 
Theologian, mathematician and physi¬ 
cist. (Courtesy of Scripta Mathematica.) 


7. Pressure in a Confined Liquid 

It was previously noted that a second source of pressure in a fluid 
is that produced by external forces. If we have a liquid in a cylinder 
with a tightly fitting piston as shown in Figure 13, an external force F 
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applied to the piston will produce a pressure P = F/A, where A is the 
area of the piston. This additional pressure will be transmitted un¬ 
diminished throughout the liquid. Blaise Pascal (1G23-1G62) stated 
this principle clearly and accurately in what is now known as Pascal's 
principle. 


Pascal's principle states that whenever the pressure in a confined 
liquid is increased or diminished at any point, this change in pressure is 
transmitted equally throughout the liquid. 

One of the earliest practical 
devices which utilized this prin¬ 
ciple in its operation is the hy¬ 
draulic press (see Figure 15). It 
consists essentially of two con¬ 
nected cylinders, one of small 
cross-sectional area a, the other of 
large cross-sectional area A, each 
fitted with a piston. A liquid, 
usually water or oil, is supplied 
from a reservoir. By exerting a 
force F on the small piston, an 
additional pressure P = F/a is 
produced. This additional pres¬ 
sure is transmitted throughout 
the liquid and acts on all parts of the hydraulic press in contact with the 
liquid; thus an additional pressure P is transmitted to the larger piston 
of area A . If this hydraulic press is designed to lift a weight W, it is 
placed on the larger piston. This weight will be lifted when the force 
on this piston which is PA is equal to the weight W. Thus 

W = PA, 

but P = F/a; 

F 

therefore W — - A 


lL 

a 


W 

p 



_ 



—- 


^ P 

_ 




- P=F/a = W/A — 

■--- 


Fig. 15. Hydraulic press. The pressure 
P is the same everywhere throughout the 
liquid, if the pressure due to the weight 
of the liquid is negligible. 


so that 



The hydraulic press may be thought of as a simple machine in which 
the ratio of the weight lifted to the force applied, W/F, is the ratio of the 
areas of the two cylinders. 

Pascal’s principle was stated above without proof. It can be de¬ 
rived very simply by applying the conservation of energy principle to 
a device such as the hydraulic press. For example, if the force F moves 
the small piston through a distance d, the work done is Fd. A volume 
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of liquid ad is pushed from the small cylinder into the large cylinder, thus 
pushing the weight W through a distance D, where 

ad = AD = volume of liquid transferred. 

Now Fd = WD ; 

, F W 

therefore — = — = P, 

a A 

that is, the increase in pressure is the same in both cylinders, which is 
Pascal’s principle. 

The hydraulic press has many practical applications; it is used, 
for example, in the baling of cotton and paper, and in the operation of 
hydraulic elevators. Another important application of Pascal’s prin¬ 
ciple is in the operation of hydraulic brakes on cars: when a force is 
applied to the brake pedal, a pressure is produced in a liquid, and this 
pressure is transmitted equally to the brakes on all the wheels of the 
car. 

8. Archimedes’ Principle and Specific Gravity 

To determine whether an object will sink or float when placed in 
water it is merely necessary to know the ratio of the density of the 
object to the density of water. This ratio is known as the specific 
gravity of the object; thus 

. density of object 

specific gravity = —-:--- 

density of water 

Another way of stating this is to say that the specific gravity of an object 
is the ratio of the weight of the object to the weight of an equal volume 
of water. 

If the object is made of some common substance whose density 
has been determined and made available in tables of physical con¬ 
stants such as Table I in the Appendix, its specific gravity can be 
determined very easily. Since the density of water in the c.g.s. system 
is 1 gm/cm 3 , the specific gravity of a substance is numerically the same 
as its density in the c.g.s. system. 

From the values given in Table I, it is obvious that ships made 
entirely of wood will never be completely submerged. If capsized they 
will continue to float, and there are records of men clinging to over¬ 
turned boats for many days until rescued. However, if the ship is made 
of steel or contains a great quantity of material of specific gravity greater 
than one, then, when filled with water, it will sink because its total 
weight is greater than the weight of water displaced. 

A submarine is designed so that it can take a specific quantity of 
water into specially built tanks to make its weight greater than the 
weight of the volume of water equal to its own volume. It then sub- 
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merges completely and may, if it is so desired, rest on the bottom of 
the ocean. When the vessel is to rise to the surface, water is forced out 
of the tanks with the aid of pumps. 

9. The Sailing Vessel 

For many centuries the main source of power utilized in navigation 
was that derived from the motion of the air, that is, the wind. It is 
instructive to see how the force of the wind is utilized in driving such a 
vessel. There are usually mam r sails attached to a boat by means of a 
mast or masts and subsidiary poles known as jibs and booms, as well as 
a tremendous amount of ropes and pulleys. From an elementary 
standpoint, a sail may be considered a plane surface with the air striking 
it at some angle and deflected at about the same angle. The net result 
of this action is the exertion of a force perpendicular to the surface of 
the sail. 

The direction in which a boat 
sails generally is not in the direct ion 
in which the wind blows nor in the 
direction of the force against the 
sail. The problem is to so design the 
boat and set the sails that only that 
component of the force of the wind 
on the sail in the desired direction 
can be utilized. Figure 16 shows the 
outline of the hull of a sailing vessel 
pointing in the direction of its 
motion. The sail is set at some 
desired angle and the wind striking 
it is deflected as shown, exerting a 
force perpendicular to the sail. This 
force can be resolved into two com¬ 
ponents, F and D, perpendicular to 
each other. The component F forces 
the boat forward, while the compo¬ 
nent D forces it sidewise, causing it 
to “drift.” The drift motion of the 
ship is made very small by designing 
the hull so that it experiences a very 
great resisting force to its drift 
through the water. At the same 
time the hull is designed to reduce 
resistance to forward motion as much as possible. 

When the vessel is steered, use is made of the force exerted by the 
moving water on a vertical surface made of wood or metal and sub- 



Fio. 16. Method of resolving the 
force which acts on a sail into two 

components. 
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merged in the water in back of the ship. This vertical surface is called 
a rudder and is operated from shipboard by means of a tiller or wheel 
connected to it. V hen the rudder is rotated through some angle about 
a vertical axis, it deflects the water from its previous path. In doing 
this, the rudder exerts a force on the water and, in turn, experiences an 
equal and opposite force. It is this force which produces the torque 
necessary to turn the ship and change its direction of motion. 

10. Steam and Motor Ships 

At the end of the eighteenth and the beginning of the nineteenth 
centuries, steam engines were installed in river boats and then later 
mounted in ocean-going vessels. By the end of the nineteenth century, 
steam had almost completely superseded wind and sail for both river 
craft and ocean-going vessels. In the twentieth century, oil-burning 
Diesel engines began to be used to operate ships. 

In one method used for propelling ships, a steam engine drives 
large side wheels containing paddles mounted on their rims, or else 
drives rear paddle wheels. Such methods are still in use on river craft and 
harbor ferries. Another method used almost exclusively on ocean-going 
vessels has the engine drive a propeller mounted in the stern of the boat. 

A marine propeller usually consists of three blades mounted on a 
shaft. Each blade of the propeller can be considered as a section of a 
screw thread. When the propeller is rotated, it threads its way through 
the water just as a screw threads its way through a nut. The propeller 
exerts a force on the water, which in turn exerts an equal and opposite 
orce on the propeller, thus pushing the boat forward. As it moves 
t rough the water, the boat experiences a resisting force opposing its 
motion. The speed of the boat increases as long as the push of the 
propeller is greater than the resisting force. When the resisting force 
becomes equal to the push of the propeller, the resultant of the forces 
on the boat is zero, and it then continues to move with uniform speed. 

It is instructive to analyze ocean transportation from the energy 
stan point. A laige body of water such as an ocean is a level surface, 
so that as a ship goes from one point to another in the ocean, no changes 
occur in its potential energy. In setting the ship in motion, the engines 
do work to increase its kinetic energy and also do work against the 
resistance of water and wind. Once the ship is in motion at a uniform 
speed, all the work done in driving it is done against the resisting forces, 
particularly the resistance provided by the water moving past the 
ship. This energy is converted into thermal energy of the water in the 
ocean. The energy supplied to the engines comes from the burning 
of coal or the burning of oil. If the water resistance could be reduced, 
less fuel would be needed for a given trip, thus making the voyage less 
expensive, as well as giving more space for cargo or passengers. 



93 


§11] . PRESSURE OF THE ATMOSPHERE 

In an effort to determine the best design for the hull of a ship, a 
great deal of study has been devoted to the motion of water past ob¬ 
stacles of various shapes and sizes. Most of this work has been em¬ 
pirical; scale models have been used in laboratory experiments. It has 
been found that the water will offer least resistance to motion through 
it if the ship cuts the water in such a way that the water flows past it 


«-*-- 




Fig. 17. (a) Motion of water alonj; streamlines past an obstacle, (b) Forma¬ 

tion of eddies or whirls behind an obstacle when water flows past it. 


in streamlines , that is, without forming eddies or whirls and without 
the formation of spray. Figure 17 shows the motion of water past 
obstacles of different shapes. 

11. Pressure of the Atmosphere 

The achievement of three-dimensional motion came only after 
the properties of the atmosphere and the properties of gases began to 
be studied in a scientific manner. Probably the first scientist to realize 
that we are at the bottom of an ocean of air was Evangelista Torricelli 
(1608-1647), a friend of Galileo. He invented the first instrument, the 
mercury barometer, for measuring the pressure of the atmosphere; 
this type of barometer is today the standard instrument for measuring 
atmospheric pressure. 

A simple type of barometer can be made by taking a glass tube 
about three feet long closed at one end and filling it completely with 
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clean mercury. The open end is closed temporarily by placing the 
thumb tightly over it. I he tube is then inverted, and the open end is 
placed in an open dish of mercury. When the thumb is removed, the 
column of mercury will drop slightly and come to rest when its height 
is about 30 inches above the open level in the dish (see Figure 18). 



Fig. 18. A simple 
type of mercury 


The force necessary to hold up the weight of this 
column of mercury is produced by the pressure of 
the atmosphere on the surface of the mercury in the 
open dish. Ihis is essentially a case of two balanced 
columns ot fluids, one a column of mercury about 30 
inches high, inside the tube, and the other a column 
ot air about (500 miles high, outside the tube. Since 
the pressure of a liquid of height h and density d is 
h ( f, the pressure ot the atmosphere can be deter¬ 
mined easily from the height and density of the 
barometric mercury column. Thus when the height 
ot the barometric column is 30 inches, the pressure 
of the atmosphere is 14.7 lb/in 2 . 

1 he height of the barometric column has been 


barometer. found to vary at any one place from day to day. 

I he standard barometric pressure for scientific work 
is o taken as that of a column of mercury 70 cm (29.92 inches) high at 
0 C. A common way of expressing the pressure of the atmosphere is 
in terms of the height ot a column of mercury this pressure can support. 
Whenever desired, the pressure can always be changed to more conven¬ 
tional units such as pounds per square inch or dynes per square centi¬ 
meter. 


12. Atmospheric Pressure and Altitude 

1 he pressure at any one altitude is due to the weight of air above 
this level, as we ascend into the atmosphere the pressure becomes 
smaller. The pressure, however, does not change at a uniform rate. 
As shown in the graph (Figure 19), the pressure falls off rapidly in the 
first feu miles of ascent and then decreases more slowly. The reason 
for this is that not only does the height of the column of air decrease 
as the altitude is increased, but, since air is compressible, the density 
of the air gets smaller as the altitude is increased. 

Archimedes principle is valid for all fluids, gases as well as liquids. 
When the physical basis for Archimedes’ principle was clearly grasped, 
it was a simple matter to construct balloons and other lighter-than-air 
ships for ascension in the atmosphere. However, since the density of 
the air decreases with altitude, the buoyant force on the balloon also 
decreases with altitude. The balloon will rise to a height at which the 
buoyant force of the atmosphere is just equal to the weight of the entire 



95 


§13] LIFT OF AN A I R P L A N E—B E R N O U L L I EFFECT 

balloon. Modern balloons are filled either with hydrogen or with 
helium, each of which is less dense than air at the same conditions of 
temperature and pressure. Manned balloons have ascended as high 
as 72,000 feet, while unmanned balloons have gone well over 100,000 
feet. To permit a balloon to descend, a sufficient amount of the gas 
must be allowed out of the balloon so that its volume, and hence the 
buoyant effect, can be decreased sufficiently. 



Fig. 19. Graph showing the variation in atmospheric pressure with altitude. 


The balloon, the semirigid dirigible, and the rigid airship of the 
Zeppelin type have only limited uses as vehicles of transportation 
through the atmosphere. As is well known, the modern form of three- 
dimensional transportation is the airplane, a heavier-than-air machine; 
the physical principle at the basis of the operation of the airplane, the 
so-called Bernoulli principle , is entirely different from the principle 
upon which the operation of a balloon is based. 

13. Lift of an Airplane — The Bernoulli Effect 

The lift of an airplane, that is, the vertical upward force which acts 
on the wing surface of an airplane, is produced by the motion of the air 
past the wing. The lift may be due to two different effects of this 
relative motion of air and wing. If the wing is inclined upward at a 
large angle to the direction of its motion, the effect is similar to that of 
a wind against the sail of a boat. This action of the wind results in a 
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force at right angles to the wing surface; the force has a vertical com¬ 
ponent upward which provides some of the lift. However, this effect 
accounts for only a small fraction of the total lift. The larger fraction 
is provided by the smooth flow of the air past the wing surfaces. In a 
properly designed wing, the air moves more rapidly past the upper 
surface than it does past the lower one. This difference in speeds of the 
air past the w ing surfaces produces a greater reduction of the pressure 
of air above the wing than below it, causing a force upward to lift the 
plane. 

I he above phenomenon, that is, the change in the pressure of a 
fluid accompanying the change in its speed, was first discovered by 
Daniel Bernoulli (1700-1782) in the early part of the eighteenth century 
and is known as the Bernoulli effect. This effect can best be under¬ 
stood by considering the motion of a fluid, either a gas or a liquid, 
through a horizontal tube ot varying cross section such as that shown 
in figure 20. Let us consider the motion after it has reached a steadv 



v a< v fl >v c 


Fk;. 20. In the steady flow of a liquid through a tube of varying cross-sectional 
area, the pressure is least where the velocity is greatest. 


state. In this steady state the same quantity of fluid flows through each 
cioss section in the same time interval, say one second; just as much 
fluid enters the pipe at one end as leaves at the other end in the same 
time interval. If the motion is not turbulent, the particles of fluid move 
along definite paths known as streamlines. Any one particle will move 
along a streamline as it goes from one end of the tube to the other. 
These streamline paths may be made visible by introducing special 
coloiing matter into the liquid, or, if a gas is being studied, by intro¬ 
ducing smoke into it, as shown in Figure 21. 

In the steady-state motion of a fluid along streamlines in a hori¬ 
zontal tube of varying cross-sectional area, the fluid must move with 
greater speed in the narrow portion of the tube, such as B, in order 
that the same quantity of fluid may flow through each cross-sectional 
area in the same time interval. In other words, any small volume of 
fluid which moves along a streamline from the wide portion A, say, to 
the narrow section B, must be accelerated by an unbalanced force 
directed from A to B. This force must come from the difference in 
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pressure which exists in the fluid on the two sides of this small volume; 
that is, the pressure at A must be greater than at B. Similarly, as this 
small volume of fluid moves from the narrow section B to the wider 
section C, its speed must decrease; this means that there must be an 
unbalanced force acting on it in the direction from C to B. Again, 
this unbalanced force must come from the difference in pressure which 
exists in the fluid at sections B and C; that is, the pressure at C must be 
greater than that at B. 


* 



Fig. 21. Smoke is used in the XACA smoke tunnel at 
Langley Field, Virginia, to make the flow of air visible 
as illustrated in these photographs. Note smoothness 
of the air flow past the aerofoil in the lower pictures. 
When the angle of attack has been increased to 10 
degrees, the air flow begins to separate from tin; upper 
surface of the aerofoil (center picture), and when in¬ 
creased to 30 degrees the flow separates completely from 
the upper surface. Turbulence behind the trailing edge 
of the aerofoil may be observed in this picture. (Repro¬ 
duced from Journal of Applied Physics , Aug., 1943, 
with permission from National Advisory Committee for 

Aeronautics.) 


We thus find that wherever the speed of the fluid is large, the 
pressure is small, and wherever the speed of the fluid is small the pres- 
































98 FLUIDS AND MOTION [Ch. IV 

sure is large. In other words, as the speed of a small volume of fluid along 
a streamline increases , the pressure decreases; and the reverse , wherever its 
speed decreases , the pressure increases. This is the Bernoulli effect. The 
relationship between pressure and speed at any point can be put in the 
form of a simple equation as follows: 

Pa ~\~ \dv A 2 = P B -f- %dvs 2 

where Pa is the pressure at A, v A is the speed of a small volume of fluid 
at A , Pb is the pressure at B and vb is the speed at B, and d is the density 
of the fluid. 

When the air is motionless with respect to a wing surface, the 
pressures on top and bottom are equal. When the air is set in motion 
past the wing by the forward motion of the plane, the air divides at the 
front of the wing and flows past it. If the wing surfaces are smooth and 
properly shaped and inclined at a small angle to the direction of motion, 
the air will flow past it in streamlines as shown in Figure 21, with the 
air above the wing moving faster than the air below it, resulting in a 
smaller pressure above the wing than below it. This difference in pres¬ 
sure produces the lift; when the total lift exceeds the weight of the 
plane, it will rise. 

If the wing should be inclined at a large angle to the direction of 
motion, the air tends to break away from the streamline motion and 
become turbulent and even produce eddies or whirls, as shown in Fig¬ 
ure 21. The destruction of the streamline motions reduces the lift and 
increases the drag or backward force on the plane. Roughnesses in the 
surface also tend to break the smooth streamline flow. No matter how 
well designed the airplane may be, there will always be a resistance to 
its motion through the air. The force opposing the drag must be 
supplied by the source of power in the plane. This source of power may 
be a gasoline engine with a propeller, a gas turbine with a propeller, a 
jet engine, or even a rocket engine. The sources of power will be dis¬ 
cussed in Part 2. 

14. Special Problems in Aviation 

There are many interesting problems in aviation whose solutions 
depend upon a knowledge of fundamental physical principles. For ex¬ 
ample, as the plane ascends to higher altitudes, the pressure of atmos¬ 
phere becomes smaller; this decrease in pressure is due both to the 
decrease in the height of the air above it and to the decrease in the 
density of the air. At higher altitudes, for a given speed, a smaller 
quantity of air flows past the wings of the plane, thus reducing the 
lifting effect. In addition, since the pressure of the atmosphere at high 
altitudes is low, the difference in pressure which provides the lifting force * 
is further reduced. There is thus a practical upper limit to the height 
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which an airplane of given design and speed can reach. This upper limit 
has been raised in recent years so that it is quite common to have air¬ 
planes fly at altitudes of 20,000 feet or more, and some planes, particu¬ 
larly combat planes, travel at altitudes of 35,000 feet above sea level. 

The low pressure and low density of the air at high altitudes 
produce other effects which must be taken into consideration in the 
operation of an airplane. For example, the internal combustion engine 
of an airplane uses a mixture of gasoline vapor and air. These must be 
mixed in the correct proportions for proper combustion. If this mixture 
is adjusted at sea level, there will not be a sufficient intake of air at the 
higher levels. To overcome this difficulty, airplane engines are fitted 
with superchargers , which are essentially gas turbines operated by the 
airplane engines; these gas turbines increase the flow of air into the 
carburetor to provide the proper mixture of gasoline vapor and air. 

The low pressure and small density of the air at high altitudes also 
produce physiological effects on the aviator, such as a decrease in the 
oxygen content of the blood and the release of nitrogen from the blood 
and tissues in the form of bubbles of nitrogen. One of the methods used 
to overcome these effects is the construction of airtight compartments 
in the transport planes making it possible to control the pressure and 
composition of the air in the compartment. For flights in open planes, 
the aviators are provided with oxygen tanks and oxygen masks for use 
at altitudes above 10,000 feet. 

Other physiological effects of great importance and concern are 
those resulting from the forces produced by the large accelerations which 
occur when the velocity of the plane is changed in either magnitude or 
direction. If a is the acceleration of the plane, then the force F due to 
this acceleration is from Newton’s second law, 

„ W 

F = —a, 

9 

where W is the weight of the object accelerated and g is the acceleration 
due to gravity. For example, when the plane makes a turn, the ac¬ 
celeration a may be five times as great as g or 

a = 5<7, 


so that the force due to this acceleration is 

W 

F = — X 5g = 5W, 

9 

that is, five times the weight of the object accelerated. If this force 
acts on an aviator for a few seconds, there may be a rush of blood 
from one part of the body to another with consequent physiological 
effects. 

Since the pressure of the atmosphere decreases with height, changes 
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in the barometric height can be used to determine the altitude of an 
airplane. W ithin the first mile above sea level an ascent of 90 feet causes 
the barometric height to drop 0.1 in. For greater altitudes, the more 
correct values given by the graph must be used. A mercury barometer 
is a very cumbersome instrument to use in an airplane; other types of 
barometers not employing liquids are universally used. These barom¬ 
eters have to be calibrated in terms of the mercury barometer and 
usually have two scales on them, one giving the atmospheric pressure 
in inches of mercury, the other giving the altitude. When so calibrated, 
these barometers are called altimeters. They must be set at the start 
of each flight, and on long flights must be rechecked with reports of 
the barometric pressure determined at meteorological stations. 



Fig. 22. Structure of the atm isphere. 


Of extreme importance is a knowledge of atmospheric conditions 
along the line of flight. The U.S. Weather Bureau and the meteor¬ 
ological stations of the airline companies have been cooperating in 



TOWARD THE FUTURE 


101 


§15] 

excellent work in this field. The tremendous amount of data accumu¬ 
lated in the past half century has led to a better understanding of the 
causes of changes in atmospheric conditions This knowledge has 
increased the accuracy of the weather forecasts and has enabled the 
meteorologists to make long-range forecasts. The atmosphere has been 
explored up to heights of 25 miles with sounding balloons carrying 
recording instruments and also automatic signaling instruments which 
transmit data on the temperature and pressure of the atmosphere by 
radio while the balloon is ascending; such devices are called radio¬ 
sondes. The upper atmosphere has also been explored with short-wave 
radio beams which are reflected from an ionized layer of air known as the 
ionosphere (see Figure 22). With increased knowledge of the behavior 
of the air in the upper atmosphere, most long-distance flights of the 
future plane will undoubtedly take place in the stratosphere, a region of 
the atmosphere extending from about 5 to 50 miles above the surface 
of the earth. Such atmospheric conditions as temperature and wind 
velbcity are fairly constant in the stratosphere and are ideal for flying. 

15. Toward the Future 

The speeds of airplanes have increased tremendously from the low 
speed of about 40 miles an hour in 1903 in the first flight of the Wright 
brothers, to speeds in excess of 000 miles per hour attained by some of 
the modern fighter planes. Commercial transports now fly at about 200 
to 250 miles an hour. High speeds are required not only to provide 
faster transportation but also to provide the necessary lift for the heavy 
planes. One consequence of this increased speed is that long runwaj's 
are needed to enable the plane to acquire the high speed necessary to lift 
it off the ground; also, since the landing speed of such a plane is also 
high, long runways must be provided to permit the plane to come to 
rest without too great an acceleration. Special attention must therefore 
be paid to the design and construction of modern airports. 

Speeds of some airplanes now approach the speed of sound in air and, 
recently (1948) a British jet-propelled plane traveled faster than the 
speed of sound. Speeds greater than that of sound are called supersonic 
speeds. The speed of sound under normal conditions at sea level is about 
7G0 miles per hour. The speed of sound depends upon the temperature 
of the air, and since the temperature of the air decreases with increasing 
altitude up to about 30,000 feet, the speed of sound decreases continually 
down to 600 miles an hour. In the stratosphere, above 36,000 feet, the 
temperature of the air remains constant and so does the speed of sound. 
In attempts to design planes to travel at speeds near and greater than the 
speed of sound many new problems will arise about which very little is 
known now. To help solve such problems, enormous wind tunnels, capable 
of producing winds of very great speeds and large enough to hold the 
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actual, full-size planes, are being built in many countries. Experiments 
carried out on such planes should lead to better and faster motion through 
the atmosphere as well as to the discovery of new physical phenomena. 



Fl °; 23. Pilotless plane of U.S.A.F. This Douglas 054 “Skymaster,” 
equipped with an automatic flight control system, flew from Stephenville, 
Newfoundland to Prise Norton, England, a distance of 2400 miles, in 10 hours 
and 15 minutes. 1 he plane carried an emergency crew of nine, but no human 
hand touched the controls on the entire flight. The automatic flight was accom¬ 
plished by self-controlled pre-set mechanisms. No “mother” ship is required 
for this type of operation. (Courtesy, U. S. Air Force Photographs, Washing¬ 
ton, D. C.) 


One of the problems encountered at speeds approaching the speed 
of sound is the large increase in drag on the plane. If the conventional 
type of airplane is used at such high speeds, better types of power plants 
"ill ^ ia ' 1° l )e built for these planes. Some progress has already been 
made with gas turbines, turbojet engines, and rocket engines (see Part 2). 
but much remains to be done with these new power sources One method 
ot reducing the drag is to redesign the plane so as to eliminate the fuselage 
(body) and tail, and build just a wing large enough to house the power 
plant, pilot, crew, and passengers. Figure 24 shows a picture of such a 

flying wing. I he wing is cut back at a large angle on either side to 
provide for stability in flight. 

I he speed of sound enters the discussion at this point as a critical 
speed because sound itself consists of a series of pressure changes, so- 
called compressions and rarefactions of the air, which go outward from 
the source and travel with a speed which depends upon the pressure and 
temperature of the air. Now both the lift and the drag on any wing are 
produced by pressure changes in the air, and these pressure changes 
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Nuiihrop Flying Wing XB 
Photographs, W ashing 


Fio. 25. The Northrop Flying Wing YB—19. A jet-propelled homher of the 
1'. S. Air Force. (Courtesy, U. *S. Air Force Photographs, Washington, I). ( '.) 
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travel with the same speed as the pressure changes which constitute a 
sound wave in the same air. In our earlier discussion of the Bernoulli 
effect, we started with the fluid flowing in a steady state; we did not 
consider just how this steady state of flow was produced. As a wing 
moves through the air it produces a change in the pressure of the air, and 
this change in pressure travels outward with the speed of sound. If the 
speed of the wing is much less than that of sound, the air ahead of the 
wing has already been prepared for its arrival by the pressure pulse which 
it sent out in advance; as can be seen from the photographs in Figure 21, 
the air ahead of the wing begins to form the new flow pattern so that it 
flows smoothly over the surfaces of the wing as the latter passes through 
it. If, however, the wing is traveling at or above the speed of sound, the 
air in front of it will not receive a pressure pulse in advance of arrival 
of the wing and therefore there will not be such a smooth flow pattern. 
In effect, the wing meets the air head on, producing a shock wave which 
travels across the wing. This shock wave not only increases the drag on 
the wing but also sets up very great stresses in it. The wing has to be 
designed to withstand these stresses as its speed increases from speeds 
below that of sound to supersonic speeds. Pilotless planes and missiles 
have already been flown at speeds almost twice the speed of sound; 
when sufficient scientific data have been accumulated, we shall un¬ 
doubtedly see revolutionary changes in three-dimensional transportation. 



I ig. 26. A view of the high-velocity wind tunnel of the Langley 
Memorial Aeronautical Laboratory, Langley Field, Va. Looking 
toward the fans that produce the high-velocity wind. (Courtesy of 

NACA and the General Electric Company.) 
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QUESTIONS AND EXERCISES 

1. Describe the physical properties that characterize each of the three 
states of matter: solid, liquid, and gas. 

2. A steel battleship is sunk in the ocean where the depth is two miles. 
Why does the ship sink? How far down will it go? 

3 . A coal barge is loaded with 500 tons of coal. How much additional 
water does the barge displace when loaded? 

4 . What is the pressure, in lb/in 2 , produced by the weight of a column of 
water 34 ft high? What effect has the size of its cross-sectional area on the pres¬ 
sure produced by this column of water? 

6. Determine the pressure produced by a column of water 200 cm high 
(a) in gm/cm 2 , (b) in dynes/cm 2 , (c) in cm of mercury. 

6. With what speed will water come out of an orifice which is 300 cm below 
the surface? 

7 . A column of water is used to balance a column of oil in a u-tube such as 
that shown in Figure 11. The height of the oil column is 22 cm; the height of 
the water measured from the same level as the bottom of the oil column is 20 cm. 
Determine the density of the oil. 

8. Make a guess as to the weight of air in your room. Check this guess by 
calculating the weight of the air, assuming that its density is 0.0013 gm/cm 3 . 

9. The Grand Coulee Dam is 4,300 ft long and 560 
ft high. Assuming that the reservoir behind the dam 
is full of water, determine the pressure at the bottom of 
the dam. Assume that the face of the dam is a verti¬ 
cal rectangle and that the average pressure is half the 
maximum pressure; determine the total force which 
acts on this dam. 

10 . In a hydraulic elevator used to lift individual 
automobiles, the platform is mounted on a cylindrical 
steel shaft which has a cross-sectional area of 1.5 ft 2 . 

This shaft is the movable piston of a large hydraulic 
press. What is the pressure on this shaft when it is 
used to lift a car weighing 4,000 lb? 

11 . A useful instrument for determining the spe¬ 
cific gravity of a liquid consists of a glass bulb with 
a long tube attached to it (see Figure 27). This instru¬ 
ment is called a hydrometer. Its weight and volume are 
such that it will float in the liquid to be tested and 
graduations on the tube are calibrated in terms of 
specific gravity. If the hydrometer floats in water with 
the surface of the water at the position on the tube 

marked 1.000, what will happen when this hydrometer * Ia 7 * ydrometcr. 
is put into (a) a liquid heavier than water, (b) a liquid 

lighter than water? (c) Will the numbers on the hydrometer giving the specific 
gravity of the liquid increase toward the top or the bottom of the tube? 
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12. Explain why a balloon can float at a definite level in the atmosphere 
while a submarine cannot float at a definite level when completely submerged 
in water. 

13. Is the pressure of the blood in the veins greater or less than atmospheric 
pressure? 

14. A physician measuring a patient’s blood pressure expresses it with two 
numbers such as 130-90. In what units is the pressure expressed? What do 
these numbers mean in terms of the pressure of the blood? 

15. Atomizers, paint sprayers, and similar liquid-spraying devices are ex¬ 
amples of the application of the Bernoulli effect. Examine one of them and 
discuss its operation with the aid of a simple diagram. 

16. If a ball is placed in the conical part of a funnel and a stream of air is 
blown through the stem of the funnel so that it comes out of the narrow space 



between the ball and the walls of the funnel, the ball will remain in the funnel 
(see Figure 28). Discuss this fact as an example of the Bernoulli effect. 
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Sources of Power 


1. Introduction 

The outstanding characteristic of modern technical civilization 
is its increasing use of the tremendous sources of energy available in 
nature not only to replace man’s physical labor but also to accomplish 
tasks which the combined effort of hundreds of men could never accom¬ 
plish. The ultimate source of all our energy is the sun. Some of the 
sun’s energy that has been stored up for ages is now available to us in 
the form of coal, petroleum, and natural gas. These sources may in 
time be exhausted. Practically inexhaustible supplies of energy, how¬ 
ever, exist in the forms of wind, water, plants, and sunlight, and in spite 
of the ever-increasing rate at which these sources are being harnessed, 
only a very small fraction of this energy is being used at present. 

An important fact concerning any source of energy is the rate at 
which this energy can be supplied to us. The rate at which energy is 
supplied during a given time interval is defined as the power supplied by 
the source. Since we are often interested in the amount of energy that a 
source can deliver during a given time interval, the term source of power 
is frequently used as the descriptive term rather than source of energy. 


2. Energy, Work, and Power 

As we saw in the last section, work and energy are related to each 
other, and from the principle of conservation of energy we know that 
whenever an amount of energy is transformed into mechanical work, 
the change in energy is equal to the work done. Since work and energy 
are so related, the power developed by an engine, for example, can be 
measured in terms of the work done in some given time interval, or, put 
in the form of an equation, 

work done 

power = ——-, 

time 


or, in symbols, 
in which W represents 



the work done in the time t , and P is the power 
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delivered by the engine. 
( 1 ), 


The work done by the engine is, from equation 



The units in which power is expressed will be determined by the units 
used in expressing time and work. For example, if a gasoline engine 
supplies 220,000 ft lb of work in 10 sec, the power supplied by it is, from 
equation (1), 



220,000 ft lb 
10 sec 


22,000 ft lb/sec. 


A more common unit for expressing the power delivered by an 
engine is the horsepowei', abbreviated H.P. One H.P. is defined as 550 
ft lb/sec. The power delivered by the above engine can now be expressed 
as 



22,000 

550 


H.P. = 40 H.P. 


If the power that can be delivered by an engine is known, the amount 
of work it can do will depend upon how long the engine can operate. 
For example, if an airplane, operated by an engine which can deliver 
1,200 H.P., carries enough fuel to operate four hours, the amount of 
work done by the engine in this time is, from equation (2), 

= 1,200 X 550 ft lb/sec X 4 X 3,600 sec = 9,504,000,000 ft lb. 

The work done by this airplane engine is thus about nine and one half 
billion foot pounds. 

When we come across such numbers as those obtained in the above 
problem, they are likely to become awkward and difficult to handle 
because of the large number of figures needed to express them. A better 
way of writing such numbers is to express them in powers of ten, that is, 
to make use of exponents. This method is shown in the following table: 

100 = 1 X 10 2 = 10 2 
1,000 = 1 X 10 3 = 10 3 
10,000 = 1 X 10 4 = 10 4 
100,000 = 1 X 10 s = 10 5 

1,000,000 = 1 x 10 6 = 10 6 
1,000,000,000 = 1 x 10 9 = 10 9 

and so forth. 


Thus the work done by the engine in the previous example can be 
written as 


*W = 9.504 X 10 9 ft lb. 


The scheme can be extended to numbers less than one by making 
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use of negative exponents as illustrated below: 

0.1 = 1 X 10- 1 = lO" 1 

0.01 = 1 X io - 2 = io - 2 
0.001 = 1 X io - 3 = io - 3 
0.0001 = 1 X io- 1 = \0~* 

0.00001 = 1 X IO" 5 = IO' 5 
0.000001 = 1 X IO' 6 = 10- 6 
and so forth. 

A further interesting property of this type of notation is that the 
exponents of 10 must be added when numbers are multiplied, and when 
two numbers are divided, the exponent of 10 in the divisor must be 
subtracted from that in the dividend to form the exponent of 10 in the 

quotient. 

3. Wind Power 

The amount of wind power over the earth has been estimated as 
equal to about 10 12 H.P., but only an insignificant fraction of this power 
is actually now used. Sail boats have been driven by wind power since 
prehistoric times and wind power was utilized before the tenth century 
a.d. to drive windmills. Windmills naturally flourished in those countries 
where the wind was fairly regular and dependable. The amount of power 
that could be developed by one of the old-fashioned Dutch windmills 
with four sails, each 24 ft long and 6 ft wide, has been estimated as 
about 5 H.P. with the wind blowing at about 20 miles per hour. 

Interest in the use of wind power was renewed recently as a result 
of the modern developments in the design of propellers. Thousands of 
small electric power plants on farms are operated by windmills, and with 
millions of farms still far removed from power lines, this form of gen¬ 
erating power may be expected to increase. Since windmills cannot be 
depended upon to supply power continuously, a type of stand-by power 
must be available. In small farm installations this takes the form of 
storage batteries which are charged when the windmill is operating and 
can supply electric power when the windmill is not moving In large 
power installations, windmills, or more properly called wind turbines, 
are used in conjunction with a steam power plant or a water power plant. 

A very large wind turbine was set up for experimental purposes in 
Vermont and was operated for about four years in conjunction with a 
hydroelectric plant (see Figure 1). It had a modern two-bladed propeller 
of variable pitch with an over-all diameter of 175 feet. The maximum 
width of each blade was 16 feet. It was equipped with a speed governor 
regulated so that the propeller turned at a constant speed of 30 revolu¬ 
tions per minute for winds from 15 to 70 miles per hour. At winds above 
70 miles per hour the windmill ceased operation because the blades of the 
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propeller were mounted so that they came into the feathering position 
at such a high wind speed. This windmill developed approximately 
1,200 H.P ., with its maximum power developed in winds of about 30 
miles per hour. 



Fig. 1 . Modern wind turbine. This Smith-Put nam wind tur¬ 
bine was capable of developing 1200 H.P.; it was operated 
in conjunction with a hydroelectric plant in Vermont. 
(Courtesy of S. Morgan Smith Company.) 


A wind turbine is usually used to drive an electric generator; the 
electrical energy may be utilized on the spot or it may be transmitted 
over power lines to the ultimate consumer. The modern windmill thus 
takes kinetic energy from the wind, transforms and delivers it as elec¬ 
trical energy where it is needed. While windmills have their limitations, 
we may expect to see an increase in their use for the generation of electric 
power as a supplement to other forms of power generation in regions 
where winds are generally prevalent. 


4. Water Power 

Water power comes from water in motion. In the first instance this 
moving water is the natural system of rivers to be found in our country. 




WATER POWER 
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These rivers constitute but one phase of a gigantic water cycle on the 
earth which gets its energy from the sun. Briefly, the energy of the sun’s 
rays evaporates water from the oceans, the seas, the lakes, the rivers, 
and also from plants and land surfaces. The winds carry the moisture to 
the higher levels of the atmosphere and ultimately deposit it in the form 
of rain and snow on the hills and mountains. T. he rain and snow feed 
the rivers, which in turn replenish the oceans, seas, and lakes. Man’s 
task is to utilize this natural cycle for his own ends such as power pro¬ 
duction, flood control, irrigation, sanitation, commercial and household 


uses. 

Water power is available in two forms, as running water in streams 
and as water stored in reservoirs at a higher level. Water wheels of 
various designs are used to transfer the power from the water to the 
mechanism which uses the power. Some of the older types of water 
wheels, still in use in this country, are the undershot water wheel (Figure 
2), and the overshot water wheel (Figure 3). The undershot water 
wheel is used whenever the power is available in the form of a rapidly 
moving stream. Some of the kinetic energy of the water is transferred 
by the rotating water wheel to a mill or to an electric generator. 




Fig. 2. Undershot water wheel. 


Fig. 3. Overshot water wheel. 


The overshot water wheel is used whenever a waterfall is available 
in a stream. The buckets are automatically filled when they are near 
the top of the wheel, are emptied as they reach the bottom, then travel 
up again to be refilled near the top. The increased weight due to the 
water on one side of the wheel produces a torque causing the wheel to 
rotate. In effect, this is a method for transforming the potential energy 
of the \vater into rotational energy by means of the water wheel. Again, 
this water wheel is usually harnessed to a mill or to an electric generator. 

A much more important source of water power today is water 
stored in large reservoirs, behind dams constructed not only to store the 
water but to provide differences in levels so that the potential energy of 
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the water can be converted into kinetic energy to drive water wheels of 
various designs and sizes. The recently constructed Boulder Dam and 
Grand Coulee Dam and the dams in the Tennessee Valley are out- 
standing examples of the creation of sources of available water power 
which are supplying large sections of the country (see Figures 4 and 5). 



Fin. 4. Grand C oulee Dam. Columbia Basin Project. (Courtesy of 

the Bureau of Reclamation.) 


1 he most efficient device for harnessing water power is the turbine. 
One type of turbine is essentially a wheel fitted with curved blades 
placed so that they are struck by the rapidly moving water which thus 
sets the wheel turning. Another type of turbine recently developed 
makes use of a variable pitch propeller. The power units at the Bonne¬ 
ville Dam use the propeller type of turbine. Each turbine propeller 
has five blades with an outside diameter of about 23 ft and a hub diam¬ 
eter of 10 ft. The turbine rotates at a speed of 75 R.P.M . and is operated 
by water which has fallen through a height of 54 ft and develops 
60,000 H.P. The total weight of the rotating parts is over 1,000 tons 
and is supported in practically frictionless bearings. 

In modern power installations, the power developed by the water 
wheels and turbines is not used directly by the consumer, but is first 
converted into electric power and then transmitted by electric power 
lines to the place where it is to be used. The methods of doing this will 
be discussed in this chapter. 
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5 . Power from Fuel 


While wind and water provide us with untiring sot lives of power 
and were among the earliest sources to he used extensively they now 
lag far behind fuels as sources of power. Wood, coal, oil, gas, and fuels 
derived from them, now supply us with more than 90 per cent of the 



Fig. 5. Two 10S.000 Kv generators which arc driven by water turbines 
in the power house at Grand Coulee Dam. (Courtesy of the Bureau of 

Reclamation.) 


power used. Power is obtained from fuel by burning it and utilizing the 
heat liberated during the process of combustion. The method of utiliz¬ 
ing this heat may take any one of several forms. One of the earliest 
methods on record is that devised by Hero of Alexandria (c. 50 a.d.), in 
which steam, issuing from two nozzles attached to a pivoted sphere, 
produced a reaction on these nozzles, thereby causing the sphere to 
rotate (see Figure 6). Steam was generated in a boiler by the heat from 
fuel burning below it and the steam was then fed to the hollow sphere 
through one of the tubes on which it was pivoted. The nozzles were at 
the ends of bent tubes which protruded from the sphere in a direction 
at right angles to the axis of rotation. 

Hero’s engine is the forerunner of the modern jet engine. The 
principle of the operation of the engine can be understood from con¬ 
siderations based upon Newton’s third law. When a mass of steam m is 
given a forward velocity v in time t, a force F = mv/t must act on it; in 
turn, there is an equal force in the opposite direction which acts on the 
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Steam 


nozzle from which the steam is ejected. The moment produced by this 

force about the axis of the sphere 
produces the rotation. In Hero’s 
engine the jets of steam from the 
two nozzles are so directed that 
the moments of the forces they 
produce act in the same direction. 

The greatest impetus to the 
use of fuel as a source of power 
originally came from the develop¬ 
ment of the steam engine for oper¬ 
ating pumps used to lift water out 
of coal mines. Originally horses 
were used for operating these 
pumps, but the development of a 
steam engine by Newcomen in 
1712, and its improvement by 
James Watt in 1709, led to the 
adoption of the steam engine for 
operating water pumps as well as 
for providing power for mills and 
factories. About a hundred years later steam turbines were invented 
by DeLaval in 1882 and Parsons in 1884. 

6. The Steam Power Plant 

The general method of obtaining power from fuel for the operation 
of steam engines and steam turbines is to burn the fuel in a furnace and 
use the heat produced to boil water in a boiler, forming steam at a high 
temperature and high pressure. This steam is then led from the boiler 



Fig. 6. Hero’s aelopile. Earliest form 

of steam engine. 
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Fig. 7. Schematic diagram of steam engine showing successive positions of 
piston in cylinder during the various steps in the cycle of operations. 

into the steam engine or steam turbine. The manner in which me¬ 
chanical power is developed by the steam engine can be illustrated w it 
the simplified diagram shown in Figure 7. C is the cylinder of a steam 
engine equipped with valves A and B at one end and a piston P ^hic i 






THE STEAM POWER PLANT 


117 


§6] 

can move back and forth in the cylinder. The piston is connected to a 
massive flywheel M by means of a piston rod R and a connecting rod CR. 
Imagine the piston to be initially in position 1; by opening valve A, 
steam under high pressure is allowed to enter the cylinder, exerting a force 
on the piston which causes it to move. After the piston has been moved 
a short distance to position 2, valve A is closed, preventing any more 
steam from entering the cylinder. Because of the high pressure of the 
steam on the left, the piston continues to be pushed to the right until it 
reaches the end of the stroke at 3. During the motion of the piston from 
position 2 to position 3, the pressure of the steam drops sharply while its 
volume increases and its temperature decreases. 

Because of the manner in which the flywheel is connected to the 
piston, the motion of the piston from 1 to 3 is accompanied by the ro¬ 
tation of the flywheel about its center O. When the piston reaches 
position 3, valve B is opened. Because of the inertia of the flywheel, 



Fig. 8. Cut-away section of DeLaval steam turbine. Steam from the nozzle 
(0) is directed against the buckets (0) mounted on the wheel (5) attached to 
the shaft (3). (Courtesy of DeLaval Steam Turbine Co.) 


the latter keeps turning, and pushes the piston back to position 1, at 
which time valve B is closed and valve A is opened, again admitting 
steam under high pressure and starting the cycle of operations once 
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more. The steam leaving the cylinder through valve B may be allowed 
to escape into the air, as is done in many of the older types of steam 

locomotives, or it may be led into a 
tank which is cooled by running 
water and there condensed into 
water and pumped back into the 
boiler to be heated and changed into 
steam once more. During the proc¬ 
ess of condensation, heat is removed 
from the steam to condense it to 
water. Thus not all of the heat 
which was originally supplied to the 
steam is converted into mechanical 
work; a large fraction of the heat is 
removed from the steam during the 
condensation process. 

In the DeLaval type of steam 
turbine (see Figure 8), the steam at 
high pressure is directed by means 
of a nozzle against a series of curved 
Fig. 9. Schematic representation of blades set in the r im of a wheel, 

1action of a s . tcam tarbi " e showing driving the wheel with great speed 
steam coming from the nozzle and , \ f. 

directed against the buckets mounted ( see Figure 9). The steam then 

on the wheel. leaves the turbine at a low pressure 

through another nozzle leading into 
a condenser, where it is condensed into water, then forced back into the 
boiler and changed into steam again. The mechanical power developed 
by the steam engine or turbine may be utilized directly as in a steam 
locomotive or a steamship; or the engine or turbine may be coupled to 
an electric generator to develop electric power, which is then transmitted 
over electric power lines to the ultimate consumer. 

7. The Internal Combusion Engine 

In the steam power plant the fuel is burned in a special furnace 
outside the engine; the steam engines and turbines which utilize this 
power are known as external combustion engines. Another class of engine 
has become increasingly important during the past half century. The 
engines in this class are known as internal combustion engines because 
they burn the fuel directly in the working cylinders of the engines. 
The most important types of internal combustion engines are (1) the 
four-cycle Otto gas engine developed in 1876, the forerunner of the 
modern automobile engine, and (2) the Diesel engine developed in 1893 
and coming into increasing use on ships, trucks, airplanes, busses, and 
tanks. 
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In addition to these well-established types of engines, a great deal 
of work has already been done to develop (3) the gas turbine, (4) the 
jet propulsion engine, and (5) the rocket engine. 


8. The Four-Cycle Gasoline Engine 

The method of operation of the gasoline engine can best be under¬ 
stood with the aid of simple diagrams. The fuel most commonly used in 
this country is gasoline, although other fuels can be and have been used. 
Since this fuel is to be burned inside a closed cylinder, a sufficient amount 
of air must be mixed with the gasoline before it is introduced into the 
cylinder. This mixing is done in a carburetor (Figure 10), which consists 
essentially of two connected 


chambers. The gasoline in 
chamber A is kept at a fixed 
level and is fed into chamber 
B through a narrow jet./. Air 
is taken into chamber B and 
made to pass through a narrow 
constriction near the jet, thus 
reducing the pressure at this 
point so that the gasoline flows 
into this region of low pressure 
in the form of a fine spray and 
is thoroughly mixed with the 
air. By adjusting the position 
of the throttle T, the amount 
of this mixture fed to the gas¬ 
oline engine may be increased 
or decreased. 


T 



From 


gasoline supply 


Fig. 10. Schematic diagram of a carburetor 
in which gasoline in the form of a fine spray 
is mixed with the proper amount of air. 


The gasoline engine consists of several cylinders connected to a 
common crankshaft. The power is developed inside each cylinder by 
the burning of the mixture of gasoline and air. A typical cylinder is 
shown in Figure 11. The cylinder contains two valves I and E, a spark 
plug S, and a piston P. A piston rod R connects the piston to the crank¬ 
shaft C. Let us start with the piston at the top of its stroke in Figure 11. 
When the crankshaft is turned, either by hand or by means of the start¬ 


ing motor, the piston moves down, increasing the volume and decreasing 
the pressure in the space above it. Valve / is opened automatically at 
the beginning of the downstroke, allowing a mixture of gasoline vapor and 
air to enter the cylinder at atmospheric pressure. Valve I is closed at 


the end of the downstroke of the piston. On the upstroke of the piston, 
the mixture is compressed into a small volume, thereby raising its 
temperature and pressure. At the end of the upstroke, an electric spark 
passes between the two terminals of the spark gap, igniting the mixture 
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and raising its temperature and pressure still higher. Because of this 
greatly increased pressure, which may be about 400 lb per sq in, the 
piston is forced down again. It is during this stroke that power is 
obtained from the burnt gases and delivered to the crankshaft. At the 
end ot the power stroke, valve E, the exhaust valve, is opened and some 
ot the burnt gases leave the cylinder; on the upward motion of the 
piston, the remaining burnt gases are pushed through the exhaust 
valve. At the top of this upstroke, the valve E is closed and the cycle 
ol operations begins anew, that is, the piston moves down, the intake 
valve / is opened, and a fresh mixture is drawn into the cylinder. 



(b) (c) (d) 


Fig. 11 . the strokes in the operation of an internal combustion 
engine, (a) Intake stroke, (b) Compression stroke, (c) Ignition and 

power stroke, (d) Exhaust stroke. 


1 here are four strokes of the piston in a complete cycle of oper¬ 
ations. these may be summarized as follows: 

0 

1. Downstroke; mixture taken into cylinder. 

2. Upstroke; gases compressed, then ignited. 

3. Downstroke; power stroke; expansion of gases. 

4. Upstroke; exhaust stroke; spent gases forced out. 

During these four strokes, the crankshaft makes two complete revolu¬ 
tions, but power is delivered during only one of these strokes. The crank¬ 
shaft receives power only once in two revolutions. If the engine con¬ 
sisted of only one cylinder, its operation would not be very smooth. It is 
therefore common to use two or more cylinders in a gasoline engine. 
The operations of these cylinders are carefully timed so that the power 
strokes occur at different times, ensuring smoother operation. In 
addition, a flywheel of large inertia is attached to the crankshaft to 
increase the smoothness of performance of the engine. 
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9. The Two-Cycle Diesel Engine 

Diesel engines differ from gasoline engines in that the Diesel engine 
can use a crude oil for its fuel; it does not need a spark plug to start the 



pressed, (c) Power stroke; oil under pressure injected into air at high temper¬ 
ature starts burning thereby raising temperature still higher. Part of power 
stroke at constant pressure, then oil supply is shut off and power stroke is com¬ 
pleted. Then cycle is repeated with (a). 



Fia. 13. Evans’ Scow. Operated by steam engine. First 
to run on land in America. Was run to the Schuylkill 
River on wheels, wheels then removed, and then proceeded 
by water down the river to the Delaware River, being 
propelled by a shaft extending through the back end and 
fitted with a paddle wheel. (Courtesy of the Baltimore 

and Ohio Railroad Company.) 
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fuel burning, and in sizes up to 1,500 H.P. it is possible to build these 
engines so that a complete cycle is performed in two strokes instead of 



Fig. 14. Richard Trevithink’s New Castle, 1805, one of 
the earliest successfully operated steam locomotives. 
(Courtesy of the Baltimore and Ohio Railroad Company.) 



Fig. 15. Tom Thumb, 1829-30. First American-built 
locomotive, built by Peter Cooper of New York. First 
tried out on Baltimore and Ohio Railroad in September, 
1829. (Courtesy of the Baltimore and Ohio Railroad 

Company.) 


four strokes; it can therefore deliver twice as much power as the four¬ 
cycle engine of the same size. To understand the operation of the two- 
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stroke cycle engine, or two-cycle Diesel, let us consider the cylinder in 
Figure 12 with the piston at the bottom of the stroke. Air is blown into 



Fig. 1C. First electric locomotive operated in the United States, 1895. 
Power delivered through overhead trolley. Used originally to pull steam 
trains over the Belt Line and through mile-and-a-half long tunnel under the 
city of Baltimore. (Courtesy of the Baltimore and Ohio Railroad Company.) 

the cylinder through the intake valve, and any spent gases from the pre¬ 
vious cycle are blown out at the same time through the exhaust valve. 
Both valves are then closed, and the piston is moved up, compressing 

. ' 

# . t • 

f ? 



Fig. 17. Modern 3-unit Diesel-electric locomotive of 4500 H.P. (Courtesy 

of General Electric Company.) 


this air to a high pressure and high temperature. When the piston is at 
the top of its stroke, the fuel oil is sprayed into the cylinder from a nozzle 
or injector. Because of the high temperature of the air, the fuel starts 
burning; the piston is pushed down during this process and oil is sprayed 
into the cylinder during a small part of this downward stroke. The oil 
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supply is then shut off and the piston continues to move down to the 
end of this stroke. It is during this downward stroke that power is 
delivered by the engine to any external device which is connected to it. 
At the end of this power stroke, the two valves are again opened, a stream 
of air is blown through the cylinder, clearing it of the spent gases and 
supplying it with a fresh charge of ajr, and the cycle is ready to be 
repeated. 

10. The Gas Turbine 

The gas turbine is coming into greater use today because metal¬ 
lurgists have developed metals which can operate satisfactorily at very 
high temperatures. Actually practical gas turbines were designed and 
built early in the nineteenth century, but their development lagged due 
to their low efficiency at the temperatures at which they had to operate 
because of the poor materials then available. The operation of a gas 
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Fig. 18. Cut-away showing details of a turbosupereharger. The turbine 
wheel, T , is driven by the exhaust gases from the airplane engine; air at low 
pressure {ALP) is taken in and compressed to a high pressure ( AHP) and 

delivered to the airplane engine. 

turbine is similar to that of a steam turbine: a stream of hot gas is 
directed against a series of curved blades set in the rim of a wheel, 
thereby driving the wheel with great speed. Power is delivered in the 
conventional way by means of a shaft which is turned by the turbine 
wheel. 
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One type of gas turbine, called the turbosupercharger , is driven by 
the hot gases which issue from the exhaust of a gasoline engine (see 
Figure 18). Power from this gas turbine is used to operate an air com¬ 
pressor to supply air at higher than atmospheric pressure to the engine. 
Such a compressor is essential for planes flying at high altitudes in order 
to supply the engine with a sufficient quantity of air to develop the 
necessary amount of power. 

11. Jet Engines 

We mentioned previously, Chapter IV, that the speed of sound is a 
critical speed for airplanes. As the speed of an airplane nears the speed 
of sound, the efficiency of the conventional propeller as a means of 
propulsion begins to drop rapidly. The jet engine has been developed 
to make it possible to fly airplanes with speeds close to or even exceeding 
the speed of sound. The speed of sound is about 7G0 mi/hr at sea level 
and decreases with increasing altitude; its value is about 6G0 mi/hr at 
36,000 feet. 

Motion of jet engine 



Fig. 19. Schematic diagram showing the operation of a jet engine. 

In its simplest form, a jet engine is simply a tube open at both ends; 
air enters at the front end and is led into a combustion chamber, where 
it is used in the burning of a fuel fed into it from a tank (see Figure 19). 
The hot gases formed in the process of combustion are ejected with very 



Fig. 20. Photograph of the General Electric TG-180 turbojet engine. 

(Courtesy of the General Electric Company.) 


great speed through a jet pipe or nozzle at the rear end of the tube. 
Just as in the case of Hero’s engine of 2,000 years ago, the gases leaving 
the nozzle exert a force of reaction on the jet to propel it forward. The 
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jet engine, and the airplane to which it is attached, will be accelerated 
forward; the final speed it will acquire will depend upon drag on the 
plane produced by the resisting forces such as air resistance. 


KjWTOOPUXi 



SCHEMATIC FLOW DIAGRAM Of GENERAL ELECTRIC TGIBO ENGINE 


Fig. 21. Schematic flow diagram of the turbojet engine of Fig. 20. (Courtesy 

of the General Electric Company.) 


The simple jet engine described above needs a proper supply of air 
at a fairly high pressure. If the jet engine is already moving at a high 
speed, for example if it has been projected as a missile from a fast- 
moving plane, the air may enter the head of the jet at a sufficiently high 
pressure. If the jet engine, and the plane to which it is attached, is 



Fig. 22. Cut-away section of the turbojet engine of Fig. 20. 1. Compressor 
rotor; 2. compressor stator; 3. rotor shaft; 4. turbine shaft bolt; 5. com¬ 
bustion chamber; 6. outer exhaust cone; 7. accessories and accessory driv¬ 
ing gear; 8. air inlet; 9. fuel nozzle; 10. turbine nozzle diaphragm; 11. tur¬ 
bine wheel. (Courtesy of the General Electric Company.) 

stationary or moyfng at a low speed, then air must be supplied to it 
from an air compressor. In the turbojet engine (see Figures 20, 21, and 
22), the air compressor is operated by a gas turbine which is driven by 
the hot gases in their passage from the combustion chamber to the 
nozzle of the jet. 

12. Rockets 

Rocket engines or rocket motors, as they are sometimes called, 
work on the same principle as jet engines but differ from the latter in that 
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Fig. 23. Jet-propelled plane. The Republic P-Sl Thuiulerjet, jet propelled 
fighter plane of the Army Air Forces. The P-84 flew 019 miles per hour during 
a test at Muroc, California, Army Air Base, in October, 1940. (Courtesy, 

U. S. Air Force Photographs, Washington, D. C.) 
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Fig. 24. Jet-engine equipped fighter plane. Portion of body of 
plane cut away to show location of jet engine. (Courtesy of General 

Electric Company.) 
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Fig. 2"». Jet-propelled airplane. First flight photograph of the Army Air 
Forces new Lockheed P-8011 Shooting Star jet-propelled fighter plane. Note 
dive flaps extended below the airplane to slow it down to the speed of the accom¬ 
panying camera plane. (Courtesy, U. S. Air Force Photographs, Washington, 

D. C.) 



Fig. 2(>. Army Air Forces’ first six-jet bomber, the Martin XB—18. In test run 
in 1947, it attained a speed of “over 480 miles per hour.” (Courtesy, U. S. Air 

Force Photographs, Washington, D. C.) 
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they carry their supply of oxygen with them and thus are independent of 
the oxygen in the air. The oxygen may be a constituent of the chemicals 
used as the propellant substance, or it may be carried as liquid oxygen 
to be fed to the fuel such as gasoline or alcohol. Essentially, a rocket 
consists of a long cylinder containing the propellant, say a tank of 
liquid oxygen and a tank of gasoline, and a nozzle through which the 
hot gases, formed in the process of combustion, escape (see Figure 27). 



Again, the force exerted by the escaping gas on the rocket is given by 


mv 



where m is the mass of gas leaving the nozzle in time t with a speed v- 

If the rocket is launched horizontally, the force due to the reaction 
of the escaping gas accelerates the rocket forward. This forward motion 
is opposed by the force produced by the resistance of the air. If the 
rocket is launched vertically, the force provided by the escaping gas 
must be greater than the weight of the rocket in order that there be a 
resultant force upward to accelerate it. Again there will be a force due 
to air resistance opposing the motion. Vanes are usually added near the 
bottom of the rocket to stabilize its motion (see Figure 28). 

Since the rocket is essentially a simple device, it is not surprising 
to find that it has a history dating back many centuries. The Chinese, 
who discovered gunpowder, probably used rockets with gunpowder 
as a propellant. There are records which show that rockets were used 
for military purposes in the fourteenth and fifteenth centuries. They 
have been used extensively for signaling and for fireworks, but work on 
the technological problems connected with rocket design is almost 
entirely a twentieth-century development. A great deal of work on such 
problems was done in Europe, particularly in Germany, Russia, and 
England, and some was done in the United States by a handful of 
pioneers, notably Robert H. Goddard, before the beginning of World 
War II. 

There are several different aspects to the development of rockets. 
Some rockets are designed to be used as engines to propel automobiles, 
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airplanes, and other vehicles. Other rockets are designed as weapons 
and carry an explosive charge in the war head. Many forms of such 
rockets were in use in World War II. Probably the most spectacular 
use is for proposed motion through interstellar space, but this is still 
in the distant future. In recent experiments conducted by the U.S. Army 
with captured German Y-2 rockets (see Figure 28), the latter have 



I'io. 28. A \-2 rocket being placed in 
position for firing, May 10, 1940, at 
White Sands Proving Grounds, New 
Mexico. (Courtesy of U.S. Air Force 
Photographs, Washington, D. C.) 


Fig. 29. V-2 rocket, carrying in¬ 
struments and cameras installed by 
AAF, takes off for flight into iono¬ 
sphere. Note trail of gases from 
exhaust. (Courtesy of U.S. Air Force 
Photographs, Washington, D. C.) 


attained altitudes of over 100 miles. Figure 30 is a graph of the path 
of a successful flight of a V-2 rocket which attained an altitude of about 
08 miles. I he war heads of these rockets are equipped with research 
appaiatus for the study of phenomena in the upper atmosphere, par¬ 
ticularly cosmic rays and radiation from the sun (see Figure 31). The 
w r ar heads carry many electronic circuits and pieces of photographic 
apparatus for automatic recording of data as well as radar outfits for 
the transmission of data while they are in flight. 

One of these V-2 rockets has a gross weight of about 28,000 lb, is 
about 46 ft long and about 6 ft in diameter at the base. The propellant 




ROCKETS 


131 


§12] 


is liquid oxygen and alcohol, and the gases formed in the process of 
combustion escape from the nozzle with a speed of about 6,800 ft/sec. 




Ui 

Q 


r~ 130,000 — 


too, ooo—l 


30,000—\ 


j aoo 


iso scc.-^r 


f 


\ 

V 




290 SCC. 


•oo sec. 


300 sec. 


90 sec. 


: 

1 


T 

o 


30,000 


' I ' ' ' H 

100,000 134000 


HORIZONTAL RANGE, FT. 


Fia. 30. Graph showing the trajectory of a V-2 rocket. 
Its positions at intervals of 50 seconds are indicated by 
arrows on the graph. (Graph furnished by Evans Sig¬ 
nal Laboratory and Ballistic Research Laboratory and 
reproduced through courtesy of Journal of Applied 

Physics.) 


The rocket is fired vertically and carries enough fuel to burn for about a 
minute. After the fuel has been consumed, the rocket continues in flight 
because of its momentum; the forces opposing its motion are the force 
of gravity and air resistance. The rocket whose path is shown in the graph 
of Figure 30 continued its upward motion for more than two minutes 
without any power and traveled for a total time of about six minutes. 
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Fig. 31. Photograph show¬ 
ing the warhead of a V-2 
rocket equipped with scien¬ 
tific instruments for research 
in the upper atmosphere. 
(Courtesy of the Applied 
Physics Laboratory, The 
Johns Hopkins University; 
also The Journal of Applied 
Physics .) 


] 

I 



Fig. 32. Jato take-off. Four Jato rocket engines enable this Skymaster to get 
off the ground in less than a 700 foot take-off run. Note trailing smoke from 
rocket engines. (Courtesy of U.S. Air Force Photographs, Washington, D. C.) 
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13. Transmitting Power—Electric Power 

In the United States today, fuels rank first among sources of power. 
The greatest amount of power produced at present is utilized by trans¬ 
portation. With fuels as our major power producers, we have come a 
long way from the civilization of the past in which fuels played no part. 
Furthermore, with the large-scale consumption of fuel we have found a 
practically continuous and untiring source of power. 

With the development of these sources of power, a new problem 
arises, that of getting the power to the consumer when and where it is 
needed. In many cases, this problem is solved bj r transporting the fuel 
to the consumer to be used in the power plant; this is the case for the 
automobile, truck, airplane, tank, locomotive, and many power plants. 
But a new method of utilizing power came into existence with the dis¬ 
coveries and developments in the field of electricity. While many facts 
concerning electricity have been known for centuries, the science of 
electricity made great strides forward as a result of the work of such 
outstanding scientists as Benjamin Franklin and Galvani in the eight¬ 
eenth century, and "Faraday, Henry, and Maxwell in the nineteenth 
century. The principles governing the flow of electricity in metals and 
those at the basis of the operation of the electric motor and generator 
were carefully studied by the physicists of this epoch. They created an 
entirely new science, the science which is the foundation of our modern 
technical civilization. By means of electricity it is possible to take 
power from wind, water, and fuels, and transmit it to the myriads of 
users when and where desired. More recent developments in electricity 
have opened up many new sources of power undreamed of a century ago. 

To understand the position of electricity in our present power age 
let us trace the flow of energy from its source to the ultimate consumers: 
modern industry, agriculture, and the general public. If the initial 
source of power is water, this is used to operate a water wheel or turbine 
which turns an electric generator, making the power available in elec¬ 
trical form. Or if the initial source of power is a fuel, this is used to 
operate a steam engine or internal combustion engine which in turn 
drives an electric generator at the central station. By means of trans¬ 
mission lines this electrical power is distributed to distant points to the 
consumer, and each consumer arranges to convert this electricity into 
that form of power which he needs. He may use it to drive an electric 
motor to provide mechanical power; he may use it to operate electric 
lamps to provide illumination; he may use it for electrochemical proc¬ 
esses, such as the manufacture of aluminum and electroplating; he may 
send it through coils of wire in an electric range to provide heat for cook¬ 
ing; or, if he is a physician, he may use it for operating an X-ray tube 
or a diathermy machine. 

The interposition of electricity between the source of power and the 
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consumer is much more than a mere convenience: it opens up many- 
new fields for the use and enjoyment of mankind. Electricity has made 
possible new modes of illumination; new means of communication, the 
telegraph, telephone, and radio; new means of enjoying leisure with 
motion pictures, recorded music, television; new aids for alleviating the 
ills of the body such as X rays and artificially produced radioactive 
substances. It has provided us with new methods for satisfying our 
intellectual curiosity concerning the structure of matter and the nature 
of the physical world. Truly the field of electricity is a giant in itself 
and deserves careful study. 

14. Modern Power Production 

The principle which is the basis for all modern methods of power 
production is the principle of the transformation and conservation of 
energy. This principle was evolved from the scientific work of the nine¬ 
teenth century, being derived chiefly from attempts to formulate an 
adequate theory of heat and thermal phenomena. The principle of 
conservation and transformation of energy states that energy may be 
transformed from one form to another and that in any closed or isolated 
system, the total amount of energy remains constant. A practical 
problem of power production involves essentially a knowledge of avail¬ 
able sources of energy and the design of suitable plant equipment to 
transform the raw energy into an efficient, consumable form. 

The present age has been called the age of Mechanical Power; 

we are utterly dependent today upon power-driven machinery. At 

the same time, the productivity of human labor has been increased 

enormously, making it possible to produce enough goods for all without 

unreasonable demands on the worker as to working conditions and the 

length of the working day. In the United States, during 1935, there 

were about 1,231 million horsepower available, distributed as shown 
in Table I. 

These statistics are to be compared with an estimated use of power 
in this country during 1899 of 25 million horsepower, a fiftyfold increase 
in the first part of the twentieth century; it should be noted in con¬ 
nection with Table I that power available and actual energy used may 
show wide variations. In equation (2) we saw that the actual energy "W 
used depends not only on the power P but also on the time t of use. 
Now, Table I shows about 10 times as much power available for motor 
vehicles as that available in electric generating stations and on farms, 
but U.S. government calculations show that automobiles used about 
116 billion H.P. hours of energy per year as compared with 123 billions in 
central electric stations and 15 billions for energy on farms. 
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TABLE I 


Distribution of Power in the United States in 1935 


Types of Power Plants 

Power Available 
in H.P. 

Electric central stations 

44,670,000 

Industrial power plants 

20,133,000 

Electric railway plants 

2,500,000 

Isolated nonindustrial plants 

1,500,000 

Mines and quarries 

2,750,000 

Agricultural prime movers 

72,763,000 

Automobiles, busses, trucks, and motorcycles 

965,000,000 

Airplanes 

3,500,000 

Locomotives 

88,000,000 

Marine 

30,000,000 

Total Horsepower 

1,230,816,000 


The continued growth in demand for electric power and the in¬ 
crease in the uses of electrical energy are shown in Table II. 


TABLE II 


Increase in Electric Energy 


Year 

Electric Power Installed 

Electric Energy Consumed 

in Central Stations in H.P. 

in H.P. Hr 

1935 

44,670,000 

123,000,000,000 

1940 

53,000,000 

156,000,000,000 

1946 

94,000,000 

361,000,000,000 


About 30% of the power was developed by hydroelectric plants 
and about 37% of the total electric energy was supplied by them. 

The increase in the use of electric energy is due both to the in¬ 
creasing use of electricity in urban and rural homes and to the expanding 
industrial activity in the country. Part of the increase in industrial 
demand is due to the modernization of older industrial processes but a 
great deal is due to the development of comparatively modern metal¬ 
lurgical and electrochemical industries. 

The conversion of energy from one form to another is today not 
only possible but practicable in most cases. The forces of nature are 
being put to work on an ever-increasing scale. But the total unused 
power potentially available still exceeds by far that which is utilized. 
The limits to which man can continue to extend his control over nature 
cannot be foreseen. However, our present control places in our hands 
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the possibility of future regulation of climate, the alteration of courses 
of rivers, the formation of lakes, and other possibilities which can have 
a vital influence on the course of the development of human society. 

15. The Future of Power Production 

T he fact that the natural resources of coal, oil, and gas are not 
limitless brings forward serious problems as power production reaches 
higher levels. The basic problem which confronts us here is twofold: 
on the one hand to determine how much energy is available for use, and, 
on the other, to determine how we can use this energy continuously 
without incurring disastrous deficits. Coal, oil, and gas are prehistoric 
biological products which captured solar energy in animal and plant 
form, leaving vast storehouses upon which we draw today. It is essential 
to use the irreplaceable fuels as efficiently and sparingly as possible and 
to make wider and more efficient use of water power, which is being 
replenished continually. In this way we conserve our natural resources. 
It is also of vital importance to seek out constantly new methods for pro¬ 
ducing power. We can expect much from the organic chemist, who may 
accomplish the task of producing fuels from plants, thus assuring a fuel 
supply over which man has a reasonable control. 

then there is the sun’s radiant energy, which is reaching us all the 
time. This is estimated to be about 1.5 H.P. per square yard. About 
2 million // .P . are absorbed for every square mile of the earth’s surface. 
Here is a truly great challenge to man’s ingenuity. Already progress 
has been made in utilizing this power directly through solar engines. 
However, they have a low output in relation to their cost and bulk and 
do not offer a promise of practical results in the near future. 

Undreamed-of amounts of energy are now available through the 
conversion of ordinary matter into energy. It was Albert Einstein who 
first showed from his work on the theory of relativity (1905) that mass 
and energy are equivalent. On the basis of the principle of equivalence 
of mass and energy, ordinary matter can be looked upon as a highly 
concentrated form of energy. It is up to the scientists to find methods 
for converting matter into usable forms of energy. One method now in 
use depends upon the process of nuclear fission of the very heavy ele¬ 
ments such as uranium, thorium, plutonium (see Part 4). In this process 
a small fraction of the mass of the heavy element is converted into 
energy. It is this process of nuclear fission which is the basis for the 
release of energy in an atomic bomb. Nuclear reactors have been de¬ 
signed to utilize the nuclear fission of heavy elements for the production 
of controlled amounts of energy so that it can be used for the operation 
of power plants. One of the most important aspects of such a nuclear 
reactor, or atomic energy power plant, as it is commonly called, is that 
it can be set up anywhere at all; not only in highly industrialized regions, 
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but in deserts and polar regions as well. This opens up new possibilities 
for bringing compact sources of energy to regions devoid of the more 
conventional forms of energy. 

Undoubtedly methods other than nuclear fission will be discovered 
and developed for the conversion of matter into energy. One possible 
prospect is a method which is at the basis of one of the modern theories 
for the source of much of the sun’s energy. This theory, advanced by 
Hans Bethe in 1938, contemplates a process in which helium is formed 
out of hydrogen, and since the mass of helium is less than the mass of 
the hydrogen which is used in its formation, this difference in mass is 
converted into energy which is ultimately radiated by the sun. 

We are undoubtedly on the threshold of a new era with limitless 
sources of energy available for mankind to use as it sees fit. 


QUESTIONS AND EXERCISES 

1. What fundamental principle of physics is made use of in mixing the gaso¬ 
line and air in the neighborhood of the jet in the carburetor? 

2. Assuming that the pressure of the gases just after the explosion in the 
cylinder is 400 lb per square inch, calculate the force exerted on the piston, which 
is 3 inches in diameter. 

3. Discuss how a massive flywheel aids in keeping an engine running 
smoothly. 

4. Why are engines rated in terms of their power output instead of their 
energy output? 

5. Examine each of the engines described in this chapter and determine 
during which steps of the cycle heat is supplied to the engine; also determine 
during which steps in the cycle heat is removed from the engine. 

6. A steam engine rated at 5 H.P. runs an electric generator for 10 hours. 
How much work is done by the steam engine, assuming it to work at its rated 
capacity? 

7. Account for the fact that although about 80% of the power available 
in the United States in 1935 was in power plants on various types of motor 
vehicles, only about 40% of the actual energy used during that year was sup¬ 
plied by these power plants. 

8. Upon what fundamental principle of physics does the operation of a 
jet engine depend? 

9. Upon what fundamental principle of physics is the operation of a rocket 
engine based? 

10. What is the essential difference between a rocket engine and a jet 
engine? 

11. Do you think that a rocket could be fired from the earth and become 
a satellite moving around the earth? Give your reasons. Compare this motion 
with that of the moon. 



CHAPTER 


VI 


Heat and Work 


1. Introduction 

In the preceding chapter we discussed the various sources of power 
in a qualitative way and used such terms as heat, temperature, vaporiza¬ 
tion, which undoubtedly are understood by the nontechnical person but 
which, in science, have definite restricted meanings. One of the most 
important aspects of science is its insistence upon giving technical words 
precise meaning and, wherever and whenever possible, making these 
terms quantitative. In this way not only is a precise meaning given to a 
term but a numerical value can be assigned to it upon which nearly all 
scientists will agree. It is this quantitative aspect of science that makes 
it possible to deduce accurate laws which not only apply to the com¬ 
paratively small number of experiments actually performed but may 
be extended to many new situations not previously known. In this 
chapter we shall reconsider many of these technical terms, give them 
quantitative significance, and discuss some of the generalizations to 
which scientists have been led from a study of heat and work. 

2. Temperature 

The term temperature , for example, is a word used by all of us; 
in a general way we have a fair idea of its meaning from our sense of 
warmth and coldness due to the sensitivity of the skin to temperature 
differences. If we touch a piece of ice we say it is cold; if we touch a jar 
containing boiling water we say it is hot; we all agree that the boiling 
water is at a higher temperature than the ice, and for many purposes such 
a description is adequate. But in order to make a quantitative esti¬ 
mate of just what the temperature of a body is we must first decide 
upon a method for measuring temperature and then adopt a scale of 
temperature. In deciding upon a method for measuring temperature, we 
examine some of the changes produced in the physical properties of a 
body by changing its temperature. For example, it is generally known that 
when the temperature of a metal rod is changed, its length is changed; 
when the temperature of a liquid is increased, its volume generally is 
increased; when the temperature of a gas is increased, its pressure, or its 
volume, or both, may be increased. There are other properties, notably 
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electric, magnetic, and optical, which change with temperature. We 
can use any or all of these properties to measure the temperature of a 
body. 

One of the first problems in measuring the temperature of a body 
is to be able to determine when two bodies are at the same temperature. 
The method of doing this is to decide upon the particular physical 
property of the body which will be used to measure the temperature. 
For example, suppose that we choose the length of a copper rod as this 
particular physical property. If we put the copper rod in a glass jar 
containing hot water and arrange to observe the length of the rod, we 
will find at first its length increases, but that after a while 
its length becomes constant. When its length no longer 
changes we say that the temperature of the copper rod is F fjjh C 

the same as that of the hot water. Or we may take as 212 il 100 
the physical property for measuring temperature the length 
of a column of mercury in a tube as shown in Figure 1. 

This tube has a very narrow bore in it with a glass bulb 
sealed onto one end. Mercury is put into this bulb and 
extends for some distance into the narrow tube. The 
other end of the narrow tube is sealed off. If this mer- 
cury-in-glass thermometer , as we shall call it, is placed in hot 
water, the length of the mercury column will increase 
until the mercury reaches the same temperature as the 
water. In order to assign a definite number to this tem¬ 
perature we must now choose a temperature scale. 

The choice of a temperature scale means first choos¬ 
ing a standard temperature interval and then deciding upon 
a method for subdividing this temperature interval into 32 H 0 
smaller units known as degrees. In choosing a standard 
temperature interval, we need two fixed points, that is, 
we must find some physical processes which take place 
at constant temperatures. Experiments with various types 
of thermometers show that whenever a substance changes 
from solid to liquid at constant pressure, the temperature 
of the substance remains constant; similarly, whenever a 
substance changes from liquid to vapor at constant pres¬ 
sure, its temperature remains constant. By agreement, the Fiq ^ A 
temperature at which ice melts at standard atmospheric mercury-in- 
pressure is taken as one of the fixed points, and the tern- 
perature at which water changes to steam, that is, the f ce r p ojn t ^nd 
temperature at which water boils at standard atmospheric steam point 
pressure, is taken as the other fixed point. These tem- 
peratures are usually referred to as the ice point and the he ® t an(1 a cei ^|. 
steam point, respectively. grade scales. 
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Having decided upon the two fixed points for the standard tem¬ 
perature interval, we must now decide upon numbers to be assigned to 
these two points. There are two different sets of numbers in general use, 
one for the centigrade scale of temperature and the other for the Fahren¬ 
heit scale of temperature. On the centigrade scale the ice point is 
assigned the number 0 while the steam point is assigned the number 
100. On this scale the standard temperature interval is 100 centigrade 
degrees, abbreviated 100° C; the temperature of melting ice at standard 
atmospheric pressure is 0° C, that of boiling water at standard atmos¬ 
pheric pressure is 100° C. On the Fahrenheit scale the ice point is 
assigned the value 32 degrees Fahrenheit, 32° F, and the steam point is 
assigned the value 212 ° F. The standard temperature interval on the 
Fahrenheit scale is 180° F. 

\V e are now in a position to determine the size of a degree on each 
scale and then to use the thermometer for measuring the temperature 
of a substance. The mercury-in-glass thermometer is placed in a 
mixture of ice and water open to the atmosphere, and the length of the 
mercury column, L,, at the temperature of the ice point is noted. At 
this position of the end of the mercury column the number 0 may be put 
on one side and the number 32 on the other (see Figure 1). This ther¬ 
mometer is then placed in the steam from boiling water at standard 
atmospheric pressure and its length L, is noted. At this position of the 
end of the mercury column the number 100 is placed on the side for the 
centigrade scale and the number 212 is placed on the side for the Fahren¬ 
heit scale. The change in length of the mercury column L,-Li is due to 
a change in temperature from the ice point to the steam point. On the 
centigrade scale this change in length corresponds to a change in tem¬ 
perature of 100° C. We can then say that a change in length of 1/100th 
of this amount corresponds to a change in temperature of one degree 
centigrade. Similarly a change in length of l/180th of this amount 
corresponds to a change in temperature of one degree Fahrenheit. 
There is implicit in these statements the idea that equal changes in the 

length of the mercury column correspond to equal changes in tem¬ 
perature. 

Ihe centigrade temperature scale can now be placed on this ther¬ 
mometer by dividing the space between the 0 and 100 marks into equal 
degrees; similar divisions can be placed above the 100 mark for tem¬ 
peratures higher than 100° C and below the 0 mark for temperatures 
below 0° C. The Fahrenheit scale can be put on the thermometer in a 
like manner by dividing the space between the 32 and 212 marks into 
180 equal degrees; similar divisions can be placed above the 212 mark for 
temperatures higher than 212 ° F and below the 32 mark for temper¬ 
atures below 32° F. 

To measure the temperature of any substance, the mercury-in- 
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glass thermometer is placed in good contact with this substance, and 
the new length L of the mercury column is noted when its length stops 
changing. The temperature of the substance can then be read on either 
scale. Let us designate its temperature on the centigrade scale by t c and 
its temperature on the Fahrenheit scale by t F . 

If it is ever necessary to convert temperature readings from one 
scale to the other, it can be done readily if we note that the change in 
length of the mercury column from L, to L represents a change in 
temperature from 0° C to t c on the centigrade scale and from 32° F to t F 
on the Fahrenheit scale. These two temperature differences are in the 
same ratio as the temperature differences on the respective scales between 
the ice point and the steam point; that is, 

t c -0°C 100° C 
t F - 32° F ~ 180° F 


from which 




or 




For example, the normal temperature of the human body is taken as 
98.6° F. Its temperature on the centigrade scale as determined from 
equation (2) is 



= 37° C. 


3. Heat 

The concept of heat as a form of energy was first definitely es¬ 
tablished by Benjamin Thompson (1753-1814), better known as Count 
Rumford. Impressed by the continual evolution of heat during the 
process of boring a cannon, he performed an experiment in 1798 in 
which he surrounded a metal cannon with water so that the heat evolved 
during the process of boring the cannon with a blunt tool would go into 
the water. The heat evolved during this process heated the water to 
its boiling point and then kept it boiling. As soon as the process of 
boring was stopped, the water ceased boiling. 

Rumford was convinced that the work done against friction in 
boring the cannon was converted into heat, but he never performed a 
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quantitative experiment to determine the relationship between heat 
and work. Almost half a century was to elapse before a quantitative 
determination of the equivalence of heat and work was made by James 
Prescott Joule (1818-1889) in a series of experiments extending from 



Fig. 2. Benjamin Thompson-Count 
Rumford (1753—1814). Soldier, 
statesman, inventor and scientist. 
Helped establish modern concept of 
heat as a form of energy. (Courtesy 
of the Bettmann Archive.) 


Fig. 3. James Prescott Joule ( 1818— 
1889). Determined the mechanical 
equivalent of heat and helped establish 
the principle of the conservation of 
energy. (Courtesy of Scripta Mathe- 

malica.) 
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1840 to 1850. In those experiments both mechanical energy and elec¬ 
trical energy were converted into heat, and it was these experiments 
which definitely established the most fundamental principle of physics, 
the principle of the conservation and transformation of energy. 

The technical meaning of the term heat will be defined in terms of 
the concept of temperature. If two bodies at different temperatures are 
placed in thermal contact, energy will flow from one body to the other 
because of this difference in temperature. This energy is called heat 
energy , or simply heat. In this restricted sense, heat exists only while 
energy is in transit from one body to another or from one portion of a 
body at one temperature to another portion of the same body which is 
at a lower temperature. Once a quantity of heat enters a body, this 
energy is redistributed in various ways: some of this energy is trans¬ 
formed into additional kinetic energy of the molecules of the substance, 
some of it is transformed into potential energy in increasing the sepa¬ 
ration of molecules in a solid or liquid, some of it goes to change the 
energies of the atoms and electrons in the substance. From the macro— 
scopic or large-scale viewpoint as distinct from the microscopic viewpoint, 
we may group all such changes under a single heading and call them 
changes in the internal energy of the substance. These changes in internal 
energy become evident to us as changes in the temperature of the body, 
or changes in its pressure or volume, or as changes in other properties 
which may readily be observed. Conversely, when heat is removed from 
a body, there is a decrease in its internal energy. 

When a system to which heat has been added is in some way con¬ 
nected to an external device so that it can do work, some of the heat 
energy may be transformed into work. We saw several such examples 
in the last chapter in our discussion of various types of heat engines. 
As a simple example, consider a gas contained in a cylinder which has a 
piston in it and which is connected to a crankshaft delivering power to 
some device (see Figure 4). When heat is added to the gas in the 



cylinder, its temperature and pressure increase and the gas expands, 
exerting a force on the piston and pushing it out, causing it to do work. 
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Thus part of the heat which was added to the gas was converted into 
work and the remainder into internal energy of the gas. The principle of 
conservation of energy applied to this as a typical case can be formu¬ 
lated as follows: 


Heat added to a system = change in internal energy of the 
system + work done by the system on an external agency. 


Or, in symbols, 


30 = 6/ — 8, + VC 



in which 30 is the quantity heat added to the system, VC is the work 
done by the system on the external agency, 8, is the initial internal 
energy of the system and 8/ is the final internal energy of the system. 

The above formulation of the principle of conservation of energy is 
called theirs/ law of thermodynamics. In equation (4) all the quantities 
must be expressed in the same units. For example, if the work VC is 
expressed in foot pounds, the quantity of heat 30 must also be expressed 
in foot pounds and the internal energy 8 must be similarly expressed. 
However, most measurements in heat are made in terms of special heat 
units such as calories or British thermal units. If 30 is expressed in heat 
units and VC is expressed in mechanical units, it will be necessary to 
introduce a conversion factor into the equation to express the relation¬ 
ship between these two kinds of units. This conversion factor is known 
as the mechanical equivalent of heat. 


4. Mechanical Equivalent of Heat 

The heat units known as the calorie and the British thermal unit 
are defined in terms of the temperature change produced in a given 
quantity of water by the addition of heat to it. For example, the calorie 
is the quantity of heat which will raise the temperature of one gram of 
water one degree centigrade. The large calorie or kilogram-calorie is the 
quantity of heat which will raise the temperature of one kilogram of 
water one degree centigrade. The kilogram-calorie is the unit of heat 
used mostly by biologists and dietitians. Physicists and chemists 
generally use the smaller calorie as the unit of heat. 

The British thermal unit , abbreviated Btu , is the quantity of heat 
which will raise the temperature of one pound of water one degree 
Fahrenheit. There are about 252 calories in one Btu. 

Different substances require different amounts of heat to produce 
the same temperature change in a gram of the substance. For example, 
a gram of iron requires only 0.1 calorie to change its temperature by 
1° C. The quantity of heat required to raise the temperature of one 
gram of a substance one degree centigrade or the quantity of heat 
required to raise the temperature of one pound of the substance one 
degree Fahrenheit is called the specific heat of the substance. Thus the 
specific heat of water is one calorie per gram per degree centigrade or 
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one Btu per pound per degree Fahrenheit. The specific heat of lead, 
for example, is found by measurement to be 0.03 cal/gm° C or 0.03 
Btu/ lb° F. 

To determine the mechanical equivalent of heat it is necessary 
to find out how much mechanical work is required to produce the same 
effect on a system as that produced by the addition of a given quantity 
of heat to the same system. There are many different kinds of experi¬ 
ments for this determination. James P. Joule was among the first to 
undertake a series of experiments on the determination of the me¬ 
chanical equivalent of heat, the experiments which led to the formulation 
of the principle of conservation of energy. 

One of the experiments performed by Joule is illustrated in Figure 5. 
The system on which work was done was a quantity of water of mass M 
contained in a well-insulated glass jar. 

A set of paddles A was attached to a 
shaft, which was set in rotation by the 
falling of a set of weights W attached to 
ropes passing over pulleys. The motion 
of the paddles A past the stationary 
vanes B churned the water and pro¬ 
duced an increase in its temperature 
which was measured by means of the 
immersed thermometer. The mechanical 
work done by the paddles in churning 
the water was measured by the loss in 
potential energy of the falling weights. 

This work W produced an increase in 
the internal energy of the water which Fig. 5. Joule’s apparatus for de- 
is equivalent to that which would have lining eqU1V " 

been produced if a quantity of heat 3C 

had been added to a similar mass of water and produced the same 
change in temperature. Careful measurements show that 778 ft lb of 
work will produce the same change in internal energy as that produced 
by 1 Btu; or 4.186 joules will produce the same change in internal energy 
as that produced by one calorie of heat added to the same system. 
Thus to equate the mechanical work V? to the quantity of heat X to 
which it is equivalent, we can write 

(5) 

where J is the mechanical equivalent of heat. The numerical value of 
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For example, suppose that instead of using falling weights, we 
attach a 1/8 H.P. motor to drive the paddles in an apparatus similar 
to that used by Joule, and that we use 10 lb of water initially at 60° F. 
It is required to find what the temperature of the water will be after it 
has been churned for 15 minutes, assuming that there are no losses of 
any kind. 

Now, 1 H.P. is 550 ft lb/sec; hence the work W done by this motor 
in 15 minutes is 

*W = X 550 X 15 X GO sec 
8 sec 

= 5.07 X 10 4 ft lb. 


Since the mechanical equivalent of heat J = 778 ft lb /Btu, the above 
amount of work is equivalent to a quantity of heat 



5.07 X IQ 4 Btu 
778 


G5 Btu. 


When 65 Btu are added to 10 lb of water, its rise in temperature will be 
6.5° F. Hence the final temperature of the water will be 66.5° F. 

5 . Heat Measurement 

In many industrial and scientific processes it is important to be 
able to predict quantitatively just what will happen when a quantity 
of heat is added to or removed from a body. Such predictions become 
possible if some of the thermal properties of substances are known from 
previous measurements — and made available to all in tables of physical 
constants. Among the thermal properties of interest are the specific 
heat of a substance, its heat of vaporization, that is, the heat required 
to change a unit mass of a substance from liquid to vapor at a constant 
temperature; its heat of fusion, that is, the heat required to change a 
unit mass of a substance from solid to liquid at a constant temperature; 
and other such properties. These will be considered in greater detail 
in the following sections. 

A simple method for determining the specific heat of a substance, 
known as the method of mixtures, consists in placing the substance, whose 
specific heat is to be measured, in some water or other liquid in a ther¬ 
mally insulated container. If initially the substance and the water are 
at different temperatures, heat will flow from one to the other until both 
reach the same final temperature. From the principle of conservation 
of energy, the quantity of heat given out by the substance which was 
cooled must be equal to the quantity of heat absorbed by the substance 
whose temperature was raised. 

Each of these quantities of heat can be expressed in terms of the 
specific heat of the substance and its change of temperature. The 
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specific heat s of a substance is, by definition, the quantity of heat 
which, when added to one gram of a substance, will change its tem¬ 
perature by 1° C. The quantity of heat ,1C required to raise the tem¬ 
perature of m grams of a substance from U to t f is, then, 

( 6 ) 

If the temperature of the substance is decreased from some initial value 
ti to a final value t f , then the heat given out by the substance will be 
given by the same equation as above, but with the sign reversed, that is, 

3C = ms(ti — t/). 

As an illustration of this method, suppose that we are interested in 
determining the specific heat of aluminum. We take a sample of 
aluminum whose mass, say, is 250 gm, and heat it in a steam bath to a 
temperature of 100° C. This sample of aluminum is then placed in an 
insulated glass jar containing 500 gm of water whose temperature is 
20° C. While the aluminum is cooling, the water is stirred and the 
readings of the thermometer immersed in it are observed. It will be 
found that the temperature will reach a constant value of about 28° C. 
We now have enough data to determine the specific heat of the aluminum. 

Since the specific heat of water is one cal/gm deg C, and the mass 
of the water is 500 gm, the heat absorbed by the water in the glass jar 
when its temperature is raised 8 degrees centigrade is 

1 cal _ , 

0C = 500 gm X-:— X 8 deg = 4,000 cal. 

gm deg 

This must be equal to the heat given out by the mass of aluminum in 
cooling from 100° C to 28° C. If s is the specific heat of the aluminum, 
the heat given out by 250 grams in cooling 72° C degrees is 

3C = 250 gm X 72° C X s. 

Equating the heat given out by the aluminum to the heat absorbed by 
the water, we get 

250 gm X 72° C X s = 4,000 cal, 

from which 

s = 0.22 cal/gm deg C. 

In the above simple illustration we neglected the heat absorbed by 
the container, sometimes called the calorimeter, and the heat lost to the 
air. In accurate determinations, these quantities must be taken into 
consideration. Table II in the Appendix lists the specific heats of a 
few of the more common substances; it will be noticed that they show 
quite a large range of values. These numbers are not only of great prac¬ 
tical value to the engineer and physicist but are also of great theoretical 
interest in guiding the development of theories on the structure of 
matter. 
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6. Vaporization and Condensation 

Probably the most common experience with the process of vaporiza¬ 
tion is the boiling of water in a dish open to the atmosphere. During this 
process heat is added to the water and its state is changed from liquid 
to vapor. If the dish containing the boiling water is open to the at¬ 
mosphere, the pressure of the water vapor just above the liquid surface 
is the same as that of the atmosphere; as long as the pressure remains 
the same, the temperature of the liquid and its vapor remains constant. 
The temperature of the liquid and its vapor when the pressure of the 
vapor is equal to that of a standard atmosphere, that is, 7G cm of mer¬ 
cury, is called the normal boiling point of the liquid. The normal boiling 
point of water is, by definition, 100° C or 212 ° F. The normal boiling 
points of some substances are given in Table III in the Appendix. 

The boiling point of a liquid depends upon the pressure on its 
surface; for example, water will boil at a temperature less than 100° C 
if the pressure is less than one standard atmosphere as is the case 
at the top of a mountain. The boiling point of water will be greater 

than 100° C if its pressure is 
increased above one standard 
atmosphere; this is usually 
the case in a boiler used to 
generate steam for use in a 
steam heating plant or for use in 
a steam engine or steam turbine. 
However, as long as the pressure 
remains constant, the tempera¬ 
ture at which the liquid boils or 
vaporizes remains constant. The 
curve of Figure 6 shows the re¬ 
lationship between the pressure 
and temperature of boiling water. 
The process of changing the state of a substance from liquid to 
vapor is called vaporization; the reverse process, that of changing the 
state of a substance from vapor to liquid, is called condensation. During 
the process of vaporization, heat must be added to the substance; the 
amount of heat that must be added to change a unit mass of a liquid to a 
vapor at a constant temperature is called the heat of vaporization of the 
substance at that temperature. This heat must come from some outside 
source such as burning fuel or electric heaters. Conversely, in order to 
condense a vapor, heat must be removed from it; according to the 
principle of conservation of energy, the amount of heat that must be 
removed from a vapor to condense it to a liquid is equal to that necessary 
to vaporize the same mass of liquid at the same temperature. If H, is 



Fig. 6. Curve* showing the relationship 
between the pressure and temperature of 

boiling water. 
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the heat of vaporization at any given temperature, and m the mass of 
liquid which is vaporized at this temperature, then 

(7) 

represents the quantity of heat which is added to vaporize the substance. 
3C also represents the quantity of heat which must be removed to con¬ 
dense the same mass of vapor to a liquid at the same temperature. 
For example, the heat of vaporization of water at 100° C is 540 calories 
per gram or 972 Btu per lb. Conversely, when steam at 100° C is con¬ 
densed to water at 100° C, 540 calories are liberated for each gram of 
steam condensed. 

The heat of vaporization decreases as the boiling point is raised; 
for example, at 200° C the heat of vaporization of water is only 462 
calories per gram. At one temperature, that at the critical point marked 
C on the curve, the heat of vaporization is zero. At this critical tem¬ 
perature the densities of the liquid and vapor are the same. Above this 
critical temperature the state of the substance is called the gaseous state; 
the substance cannot exist as a liquid above this critical temperature. 
Conversely, to liquefy a gas it is necessary to cool it first below its 
critical temperature. For example, to liquefy carbon dioxide it is 
necessary to cool it below 31.1° C and then supply sufficient pressure 
to liquefy it. To liquefy hydrogen, it is necessary to cool it below 
— 240° C and apply sufficient pressure to liquefy it. Substances such as 
hydrogen, helium, oxygen, which are gases at ordinary temperatures, 
have very low critical temperatures. Table IV in the Appendix gives 
the critical constants of some of the common substances. 

While boiling takes place at a definite temperature, depending upon 
the pressure on the liquid, evaporation of a liquid can take place at 
any temperature. We are all familiar with the fact that when water or 
alcohol is left open to the atmosphere, the liquid will in time evaporate, 
that is, the liquid will change to vapor and go into the atmosphere. If a 
large jar is placed over the liquid container, some of the liquid will 
evaporate until equilibrium is established between the liquid and its 
vapor; that is, until the pressure of the vapor in the air is equal to the 
saturation vapor pressure at the temperature of the air. The air is then 
said to be saturated with this vapor. If the jar over the liquid is re¬ 
moved and a fresh supply of unsaturated air is blown over the liquid, 
evaporation will start again. Evaporation will continue as long as the 
vapor pressure in the air is less than the saturated vapor pressure. The 
rate of evaporation will depend upon the difference between the saturated 
vapor pressure and the actual vapor pressure in the air. Since heat is 
needed to vaporize a liquid, the process of evaporation requires the 
addition of heat to the liquid from the outside; otherwise, that portion 
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of the liquid which evaporates must take heat from the remaining liquid, 
thus reducing its internal energy. Such a reduction will be evidenced 
by a lowering of the temperature of the remaining liquid. 

A very interesting demonstration of this effect is provided by a 
laboratory method of making “dry ice,” or solid carbon dioxide. Liquid 
carbon dioxide can be obtained very readily in steel tanks. The pressure 
of the carbon dioxide vapor inside the tank is about 70 atmospheres or 
about 1,000 lb/in 2 , which is also the pressure of the liquid inside. The 
critical point of carbon dioxide is 31.1° C and 73 atmospheres pressure. 
Thus at ordinary room temperatures, 15° C- 25° C, carbon dioxide can¬ 
not exist as a liquid at atmospheric pressure. Hence to condense carbon 
dioxide to a liquid at room temperature it is necessary not only to remove 
heat from it but also to increase the pressure to about 70 atmospheres. 
If the tank is inverted and the valve opened, the liquid will flow out. 
But since it cannot exist as a liquid at ordinary pressure, the liquid will 
immediately vaporize, obtaining the necessary heat of vaporization 
from the air. If a heavy-walled canvas bag is tied around the nozzle 
and the valve then opened, the liquid will flow into this bag and begin 
to vaporize (see Figure 7a). Since canvas is a very poor heat conductor, 



Fig. 7. The formation of “dry ice” or solid carbon dioxide 
when liquid carbon dioxide, which was in a tank under great 
pressure, is allowed to expand into an insulated bag at atmos¬ 
pheric pressure. 

heat may not come in rapidly enough from the surrounding air to supply 
the necessary heat of vaporization. We shall then find that the bag 
begins to accumulate “dry ice,” that is, solid carbon dioxide. The 
explanation of this process can be given in a qualitative way by con¬ 
sidering a mass of liquid carbon dioxide in two parts (see Figure 7b). 
One part evaporates, getting the necessary heat of vaporization from 
the remaining part; the latter not only has its temperature lowered but 
gives out sufficient heat to become a solid. Thus the part of the liquid 
which is vaporized gets its heat from the part which is frozen. 
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7. Melting and Freezing 

The change of state from solid to liquid takes place at constant 
temperature provided that the pressure remains constant. We have 
already used this process for one of the fixed points, the ice point, of the 
temperature scale. For convenience in calibrating thermometers above 
100° C, use is made of the melting points of other substances such as 
zinc, sulphur, and gold, at atmospheric pressure. The volume changes 
which accompany the process of melting are rather small. In most cases 
the melting of a substance is accompanied by an increase in its volume. 
In a few exceptional cases, such as ordinary ice, and type metal, there 
is a decrease in volume on melting and an increase in volume on freezing. 
This unusual behavior of type metal is of practical value in the casting of 
type: the molten metal is poured into a mold, and as it freezes it expands 
and fills completely every part of the mold, yielding sharp, clear type. 

The expansion which takes place when water freezes has many 
important consequences. For example, when water in a lake freezes, 
the ice formed floats, since its specific gravity is 0.92. In some lakes a 
solid layer of ice may be formed on top during winter. Thereafter, the 
ice, which is a poor conductor of heat, acts as a protective layer to the 
water below it. In most lakes which are sufficiently deep, the water is 
never completely frozen, so that aquatic life can continue throughout 
the winter in the water below the frozen surface. The temperature of 
this water may be as high as 4° C, since the density of water is a maximum 
at 4° C; water expands slightly as it is cooled below 4° C. 

Another important effect produced by the expansion when water 
freezes is the weathering or breaking up of rocks. Water enters cracks 
in rocks and, upon freezing, acts as a wedge to break the rocks apart. 
This process of weathering is particularly effective if there is alternate 
freezing and thawing. 

The process of melting requires the addition of heat to the substance. 
The amount of heat required to melt a unit mass of substance at constant 
temperature is called its heat of fusion. Conversely, when a substance 
is frozen, it gives out heat. If H P is the heat of fusion of a substance at 
a given temperature, then the quantity of heat that must be added to 
melt m grams is 



This is also the expression for the heat that must be removed to freeze 
m grams of the substance at the given temperature. The heat of fusion 
of water, for example, is about 80 calories per gram or about 144 Btu 
per pound. In other words, about 80 calories must be supplied to melt 
one gram of ice at 0° C; conversely, when water is frozen it liberates 80 
calories of heat for each gram changed to a solid. 
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The heat of fusion of water may be determined very readily by 
putting a known mass of ice into a sufficiently large quantity of water so 
that all of the ice will melt. By noting the initial temperature of the 
water and the ice, and the final temperature of the mixture, the heat of 
fusion may be readily calculated. For example, suppose that 20 grams 
of ice at 0° C are put into 250 grams of water at 80° C and that after 
the ice has been melted, the final temperature is found to be 08.2° C. 
Now the heat given out by the water in cooling to this temperature is 

250(80-08.2) cal = 2,950 cal. 

To melt 20 gm of ice requires an amount of heat equal to 20 gm X H f 
where H F is the heat of fusion of the ice; and to raise the temperature of 
the water thus formed to 08.2° C requires the additional amount of heat 

20 X 08.2 cal = 1,304 cal. 

Equating the heat supplied to the ice and the heat liberated by the 
water, we get 

20 gm X H f + 1,304 cal = 2,950 cal, 

from which II F = 79.3 cal/gm 

for the heat of fusion of ice. 

The temperature at which a solid melts depends only slightly upon 
the pressure. For most substances the temperature of melting increases 
with the pressure. For the few substances which expand on freezing, 
the temperature of the melting point decreases with increasing pressure. 
This fact leads to some interesting results. For example, snowballs are 
made by pressing loose snowflakes tightly. The increased pressure 
causes some of the snow to melt; then when the pressure is released the 
melted snow refreezes, forming the snowball. The process of melting 
under increased pressure, and then refreezing when the pressure is 
removed, is known as regelation. The motion of glaciers is undoubtedly 
dependent upon the melting, under pressure, of the ice at the bottom 
of the glacier. Similarly, in ice skating and skiing, a thin film of water 
is formed under the skate or the ski. The water refreezes as soon as the 
pressure is removed. Recent experiments show that at very low temper¬ 
atures, the work done against friction between the blade of the skate and 
the ice also plays an important part in melting the ice and forming the 
thin layer of water. 


8. Sublimation — Triple Point 

The change of state from solid directly into vapor is also very 
common but probably is unnoticed most of the time. In the winter, 
when the temperature of the air is below the freezing point, ice on the 
ground changes directly into vapor which goes into the atmosphere. 
Solid carbon dioxide, or “dry ice/’ is another familiar substance which 



§9] CHANGE OF STATE: MOLECULAR THEORY 153 

goes directly from solid to vapor at atmospheric pressure. The change 
of state from solid to vapor is called sublimation, and the heat of sublima¬ 
tion is the quantity of heat which must be added to a unit mass of a 
substance to change it from solid to vapor at constant temperature. 
Conversely, when the vapor condenses to form the solid, heat is liberated. 
For example, most of the higher clouds consist of ice crystals; these 
crystals generally are formed by the condensation of vapor from the 
atmosphere. 

While any two states of matter can exist in equilibrium over a wide 
range of temperatures, there is only one temperature at which three 
states of the substance can exist in equilibrium. This particular tem¬ 
perature is called the triple point temperature. The triple point tem¬ 
perature of water is +0.0098° C, and the pressure of the vapor at this 
temperature is 4.59 mm of mercury. If we take a flask of water, remove 
all the air from it and lower the temperature of the water until ice just 
begins to form and then keep it at this temperature, we will have all 
three states, solid, liquid, and vapor, in equilibrium. If the temperature 
is lowered slightly, there will be onlj' ice and vapor in equilibrium; if the 
temperature is raised slightly, there will be only water and vapor in 
equilibrium. Only at the temperature of the triple point can all three 
states exist in equilibrium. 

9. Change of State and Molecular Theory 

It is interesting to speculate from the molecular point of view, on 
the processes which take place during a change of state such as vaporiza¬ 
tion or condensation. In the case of a liquid, the molecules are very 
close together; they exert mutual forces which probably are electrical in 
origin. The molecules therefore possess a certain amount of potential 
energy because of the action of these forces of attraction. In addition, 
the molecules possess a certain amount of kinetic energy because of their 
motions. These two forms of energy are part of the internal energy of 
the liquid. 

The process of vaporization due to boiling takes place at constant 
temperature at any given pressure; that is, both the liquid and the vapor 
are at the same temperature. During the process of vaporization, 
energy in the form of heat is added to the liquid; the effect of this 
addition of energy is to increase the distances between some of the mole¬ 
cules of the liquid, thus reducing considerably the forces of attraction 
between them. This means that a small part of the substance has been 
changed from the liquid to the vapor state within the body of the 
liquid. The vapor, being less dense than the liquid at the same tem¬ 
perature, will rise to the top of the liquid, break through the surface and 
go into the space above it. Hence in the process of boiling, bubbles of 
vapor will be formed throughout the liquid, sometimes large enough to 
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be seen with the unaided eye, rise to the top, and go through the surface 
into the space above. 

The process of vaporization by evaporation can be discussed in 
similar terms. If we start with a jar of liquid, say water, open to the 
atmosphere, there will be very little vapor above the liquid initially. 
The pressure of the vapor above the liquid is comparatively small, 
that is, less than the pressure would be if the liquid were boiling at that 
temperature, say room temperature. The molecules of the liquid have 
a random or haphazard motion; they are continually exchanging 
partners, frequently colliding with other molecules, and although their 
speeds vary over a considerable range, the average values of the kinetic 
energies of large numbers of molecules remain the same. Some of the 
molecules which are near the surface of the liquid and which have high 
speeds in the upward direction may penetrate the surface and form part 
of the vapor in the region above it. Just as energy had to be supplied to 
change the liquid to vapor in the process of boiling, so must energy be 
supplied to change liquid to vapor in the process of evaporation. This 
energy may be transmitted to the liquid from the surrounding air. But 
if the jar containing the liquid is a fairly good heat insulator, there may 
not be a sufficient amount of energy supplied to it from the outside, in 
which case the necessary energy will come from the internal energy of 
the part of the substance which remains in the liquid state. This will be 
evidenced by the fact that the remaining liquid will be cooled. On the 
molecular point of view, this cooling effect may be explained by the fact 
that the average kinetic energy of the molecules of the liquid is lowered 
by the escape of the faster molecules through the surface into the vapor 
state. 



Fig. 8. Rapid evaporation of water 
when the pressure above it is reduced 
causes it to cool very rapidly. If the 
evaporation is sufficiently sapid, the 
remaining water may freeze. 


The cooling effect that is pro¬ 
duced during evaporation may be 
effectively demonstrated by placing 
a small jar of water under a bell 
jar (see Figure 8) and pumping the 
air and water vapor from the bell 
jar very rapidly. The water will 
continue to evaporate at a fairly 
rapid rate and thereby cool very 
rapidly. This cooling may be so 
rapid that after a few minutes of 
pumping, the remaining water will 
begin to freeze. 

Let us return for a moment to 


a consideration of the processes 
vhich take place when a jar of liquid is open to the atmosphere. 
Borne of the liquid evaporates and the pressure of the vapor above it is in- 
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creased. If the top of the jar is closed by some cover, the pressure of the 
vapor above the jar will increase in value until it reaches the saturation 
pressure for the particular temperature of the air and liquid. After that, 
there will be no further increase in pressure as long as the temperature 
remains constant. We can think of this as a state of equilibrium between 
the vapor and its liquid. From the molecular point of view, however, 
molecular motion still continues both in the liquid and in the vapor 
states. The equilibrium may be thought of as a statistical type of 
equilibrium, with just as many molecules leaving the liquid to go into 
the space above it as there are molecules which leave the vapor state, 
penetrating the surface and returning to the liquid state. 


10. Behavior of Gases 

We have used the term internal energy to account for the difference 
between the heat added to a body and the work done by that body 
during the same time, and we have indicated that this internal energy 


Fig. 9. Robert Boyle (1627-1691). 
Chemist and physicist. (Courtesy of 
the Bettmann Archive.) 



is distributed among the various constituents of the body, its molecules, 
atoms, electrons, nuclei, and so forth. It is not only of great intellectual 
and theoretical interest to determine the constitution of matter and the 
energies of its constituent particles but it also leads to results of great 
practical importance. In the past few decades great strides have been 
made in the analysis of the solid, liquid, and gaseous states of matter. 
The simplest of these three states, the gaseous state, is a good starting 
point for an analysis of the structure of matter. 
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The study of the gaseous state of matter was begun very early in the 
scientific era. Among the first to study the behavior of gases experi¬ 
mentally was Robert Boyle (1627-1691), best remembered today because 
his name is associated with one of the results of his experiments. He 
found that the volume of a given mass of gas varies inversely as the 
pressure, provided the temperature of the gas remains constant. This 
statement is usually referred to as Boyle’s law. One simple method of 
demonstrating Boyle’s law is to take a J-shaped tube as shown in 
Figure 10 and pour in some mercury, keeping the stopcock open; the 

level of the mercury will be the 
same in both arms of the tube. 
If the stopcock is now closed, a 
mass of air at atmospheric pres¬ 
sure will be trapped in the short 
arm of the tube; the volume of 
this air can be read from the 
graduations on the glass wall. If 
we now pour mercury in the long 
arm of the tube, it will be found 
that the volume of the entrapped 
air will decrease as the pressure 
increases. The pressure of this air 
is equal to the barometric pressure 
plus that due to the difference in 
the levels of the mercury in the 
two arms of the tube. If enough 
mercury is poured in to make the 
difference in levels equal to the 
height of the barometric column 
for that time, 76 cm say, the vol¬ 
ume of the air will be just one half of its original volume. 

One way of stating Boyle’s law in mathematical form is as follows: 
If a confined gas which occupies a volume Vi at a pressure Pi has its 
volume changed to V 2 without any change in temperature, then its 
pressure will be changed to P 2 such that 


R 


Atmospheric 

pressure 



ii 


Atmospheric 

pressure 





m 

m 

m 


Fig. 10. Method of measuring the changes 
in volume of a gas produced by changes in 

pressure. 


a m 




or 


P* = Vi 
Pi V 2 

Pi V i = P 2 V 2 . 



This is equivalent to saying that the product of the pressure and volume 
of a constant mass of gas is constant if the temperature is unchanged, 
that is, 


PV = constant. 
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If the temperature of a mass of gas is changed, then either its 
pressure or its volume or both may change, depending upon the con¬ 
ditions of the experiment. For example, if the pressure of a gas is kept 
constant, its volume will expand when its temperature is increased. 
Also, if the volume of a gas is kept constant, the pressure of the gas will 
increase when its temperature is increased. Either one of these effects 
can be used in the design of a gas thermometer. 

The relationship between the pressure, volume, and temperature 
of a gas can be put in the form 

PV = P,F,(1 + at) 

where P is the pressure and V is the volume of the gas at temperature t, 
Pi is the pressure, and F, the volume of this gas at 0° C. This equation 
is sometimes called the general gas law. The constant a must be de¬ 
termined experimentally. Its present value is 

_ 1 
a ~ 273.16° C 


The reason for stating the value of a with such precision is that it 
is used in establishing the scale of temperature known as the absolute 
scale. To see how this is done, let us substitute this value of a in the 
equation of the general gas law, obtaining 


or 


PV 


PV 


= 


1 + 


t 


273.16° C 
273.16° C + t 


) 


273.16° C 


) 


If we now define the absolute temperature T by the equation 

T = 273.16° C + t, 

the general gas law takes the form 

PV 

PV =--—-— T 

273.16° C ’ 



or 


where 



c 



273.16° C 



The remarkable thing about the general gas law is that it holds 
for any and all gases, provided the pressure is not too high. Gases whose 
behavior follows the general gas law accurately are called ideal gases. 
If we examine this law a little more closely we find, for example, that 
the absolute temperature T must always be positive; a negative value 
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for the absolute temperature implies that the gas has a negative volume 
or a negative pressure; either or both are unthinkable. The lowest 
temperature on this scale is zero degrees, and even this temperature 
can have no immediate significance since all gases become liquids before 
they reach this temperature. We shall have to look further for an 
interpretation of the absolute zero of temperature. 

11. Gases and Molecular Theory 

1 he simplicity of the general gas law for ideal gases encourages the 
scientist to look for the explanation of its behavior in terms of a simple, 
idealized picture of the structure of a gas and in terms of certain simple 
assumptions concerning the nature of the molecules of a gas and the 
actions of these molecules. The theory, to be valid and to be of value, 
must lead to experimentally verifiable results. The general gas law for 
an ideal gas can be derived on the basis of the following assumptions. 

I he first assumption is that a gas is composed of molecules which are 
\ ery small and finite in number. Secondly, the mass of a gas is simply 
the sum of the masses of all the molecules of the gas. The third assump¬ 
tion is that these molecules do not exert forces of attraction or repulsion 
on each other except when they “collide.’’ A collision between two 
molecules should be thought of as an elastic collision in which the total 
kinetic energy after collision is equal to the total kinetic energy before 
collision. The gas, of course, is assumed to be in some kind of container; 
some of the molecules will strike the walls of the container and the force 
on the walls of the container is assumed to be due to the elastic impact 
of the molecules against the walls. If a molecule of mass m approaches 
a wall with velocity v and momentum mv, it will rebound with a velocity 
~ v anc ^ m °mentum — mv. The change in momentum of the molecule 
due to this impact will be — 2mv, indicating that the wall exerts a force 
on the molecule and, in turn, the molecule exerts an equal force on the 
wall. By considering the number of molecules which strike the wall in 
some time interval t, the force per unit area of the wall, and hence the 
pressure P, can be shown to be 

p _ 1 Nmv 2 
~ 3 V 9 

in which N is the number of molecules in the gas, V is the volume of 
the gas, m the mass of each molecule and v 1 is the average of the squares 
of the velocities of all the molecules. 

The above equation can be written as 
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If we compare this equation with that of the general gas law, 

PV = cT, 

we see that the two will become identical if we assume that the tem¬ 
perature of the gas is directly proportional to the average kinetic energy 
of the molecules of the gas, that is, that 

\mv 2 = kT 
2 

where A; is a constant of proportionality. The equation can then be 
written as 

PV = \nKT = cT 

O 

2 

with the constant c for any gas equal to ~Nk. 

O 

The general gas law for an ideal gas can thus be derived on the 
basis of the assumptions stated in this analysis. As long as the substance 
behaves as an ideal gas we can have confidence in the correctness of the 
assumptions. For example, the assumption that the temperature of the 
gas is directly proportional to the average value of the kinetic energy 
of the molecules is correct as long as the substance behaves as an ideal 
gas; but when it is liquefied or solidified, this assumption is no longer 
correct. 

Suppose that we consider two different ideal gases, each occupying 
the same volume V at the same temperature T and exerting the same 
pressure P. Let one gas contain N\ molecules and the second gas con¬ 
tain Ni molecules. The general gas law for the first gas can be written as 

PV = \nJcT-, 

U 

and for the second gas, 

PV = ^NJcT. 

o 

Since PV, T, and k are the same for both gases, then 

(13) 

that is, two different gases which occupy equal volumes at the same 
temperature and pressure have equal numbers of molecules. This 
result, first predicted by Amadeo Avogadro (1776-1856) in 1811 from 
the known properties of gases, is known as Avogadro’s hypothesis. 
The hypothesis stated that all gases occupying equal volumes at the same 
temperature and pressure contain equal numbers of molecules. 
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The chemist uses oxygen as the standard for measuring atomic and 
molecular weights. A mass of 32 grams of oxygen is taken as the 
standard for molecular weight determinations. The volume occupied 
by this mass of oxygen at 0° C and 76 cm of mercury pressure has been 
found to be 22.4 liters. This is called the molar volume. A molecular 
weight of any other gas will occupy this same volume under the standard 
conditions of temperature and pressure, that is, 0° C and 76 cm mercury 
pressure. According to Avogadro’s hypothesis, each-molecular weight 
of a substance, measured in grams, contains the same number of mole¬ 
cules. This number, known as the Avogadro number and denoted by 
the letter N, has been determined experimentally; its present value is 

jV = 6.023 X 10 23 molecules per gram molecular weight. 

12. Thermal Efficiencies of Heat Engines 

The operations of several different types of heat engine were de¬ 
scribed in the previous chapter. Each engine performed a cycle of 

operations and during this cycle, as 
shown schematically in Figure 11, a 
quantity of heat JCi was delivered to the 
engine from some source of heat. In the 
steam engine the source of heat was 
the combustion of coal in the boiler; in the 
internal combustion engines it was the 
combustion of the fuel taken in during 
the cycle. Part of this heat was con¬ 
verted into mechanical work *W, and 
delivered to some external device such 
as a car, a locomotive, or an electric 
generator; the rest of it, 3C 2 , was de¬ 
livered to another source of heat at a 
low temperature. In the case of the 
steam engine, for example, this heat 3C 2 
is taken from the exhaust steam and then 
is condensed to water in the condenser. 
It is a matter of general experience that 
no matter how perfect the heat engine 
may be, not all of the heat 3Ci can be 
completely converted into mechanical 
work; some of this heat 3C 2 must always be rejected to a source at a 
low temperature. Engineers use the term thermal efficiency of a heat 
engine defined as 

, _ . work performed during a cycle 

thermal efficiency = ————- 3 - 5 —:- 7 “ » 

heat delivered during a cycle 



-7T 


Fia. 11. Schematic diagram of 
the operation of a heat engine. 
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or, in symbols, 


W 

e = — 

OCi 


to describe the performance of a heat engine. 



A question of great importance is: What is the maximum thermal 
efficiency that an engine can have? Another question is: Can a heat 
engine have a thermal efficiency greater than 100 per cent? The first 
question was answered by means of a series of theoretical investigations 
on the operation of heat engines begun by Sadi Carnot (1796-1832) in 
1824 and completed by Lord Kelvin (1824-1907) in 1851. The results 
of these investigations show that the maximum thermal efficiency that 
any heat engine can have is given simply by 



where Ti is the absolute temperature of the source which supplies heat 
to the engine, and To is the absolute temperature of the reservoir which 
receives that portion of the heat not converted into work. Since T 2 is 
always less than T x but never zero, the efficiency of a heat engine is al¬ 
ways less than 100 per cent. As a simple illustration suppose that a steam 
engine is supplied with steam at 250° C and that the exhaust steam is at a 
temperature of 10° C. The high temperature T\ = 273 + 250 = 523 
Abs and the low temperature T 2 = 273 -f- 10 = 283° Abs. The maxi¬ 
mum thermal efficiency is therefore 



283 

523 



= 1 - 0.54 = 46%. 


It would seem that there are two ways in which to increase the 
thermal efficiency of a heat engine, one by lowering the temperature T 2 
and the other by raising the temperature 7\. The lower temperature 
Ti is generally the temperature of the surroundings, that is, the atmos¬ 
phere or a stream of water; hence it is not practicable to lower this tem¬ 
perature by a significant amount. Modern engineering research is 
directed toward raising the high temperature T x at which heat is sup¬ 
plied to the engine. Some of the modern steam turbines are operated 
at such high temperatures that the blades of the turbine glow red; of 
course, the steam also glows red. One of the practical problems is the 
construction of metals which will maintain all the desirable properties 
of strength, elasticity, and rigidity at these high temperatures and the 
accompanying high pressures. This problem involves a knowledge of 
the structure of atoms and molecules and the relationship of this structure 
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to the physical properties of the metal. Metallurgists have been making 
great strides in recent years in producing alloys with the desired char¬ 
acteristics. 

The answer to the second question, whether an engine can have a 
thermal efficiency greater than 100 per cent, is contained in the above 
discussion. That answer has a much broader foundation in the experi¬ 
ences with the operations of all kinds of heat engines over a period of 
two centuries. Such experiences with all types of heat engines form the 
basis for a far-reaching generalization known as the second law of thermo¬ 
dynamics. There are various ways of stating this law, all of them 
equivalent. One form of the second law of thermodynamics follows: 


It is impossible to construct an engine which , operating in a cycle , will 
produce no effect other than the extraction of heat from a source and the 
performance of an equivalent amount of work. 


This statement implies that every cyclic engine which takes in heat 
from some source must reject some of this heat to a source at a lower 
temperature. Many inventors have thought of the idea of extracting 
heat from the ocean and using this heat to operate the engines of a ship. 
But the second law of thermodynamics states that this is impossible. 
An understanding of the first and second laws of thermodynamics by 
inventors would save them many hours of labor and much grief. 



A very simple statement of the 
second law of thermodynamics is that 
heat of its own accord will always flow 
from higher to lower temperatures. 
This statement is almost self-evident 
from our discussion of temperature and 
calorimetry. If it is ever desired to 
transfer a quantity of heat from a 
source at low temperature to one at a 
higher temperature, it is necessary to 
do work on the system. This is essen¬ 
tially what takes place in a refrigerator. 

13. The Refrigerator 

In principle, a refrigerator may 
be thought of as a heat engine op¬ 
erated in reverse. As shown schemat¬ 
ically in Figure 12, heat 3C2 is taken 
from a source or sources at a low tem- 


Fig. 12. Schematic diagram of the perature, work is done on the re- 
operation of a refrigerator. frigerator by means of some outside 

agency such as an electric motor, and a quantity of heat 3Ci is delivered 
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to a source at a higher temperature. The source from which the heat 
3C 2 is extracted is usually the food in the refrigerator box; the source 
which receives the heat 3Ci is usually the air around the refrigerator. 
In the electrically operated refrigerator, the electric motor runs a com¬ 
pressor which consists essentially of a cylinder, a piston, and two valves 
just like the cylinder of a steam engine. The working substance used 
is called the refrigerant and may be either ammonia, sulphur dioxide, 
or any other substance whose boiling point is fairly low. 

A typical cycle of operations for the refrigerator is as follows: sup¬ 
pose we start with the refrigerant, say ammonia, as a liquid, at a high 
pressure and at room temperature, and allow some of it to pass through 
a valve or throttle into a region of lower pressure (see Figure 13). Dur- 



Fio. 13. Schematic diagram outlining the processes which occur in a refrigera¬ 
tor using ammonia as the refrigerant. 


ing this process the temperature of the ammonia drops and some of it is 
vaporized. This mixture of liquid and vapor is now led into the evapora¬ 
tion chamber in which the remaining liquid is vaporized at this low 
temperature. It is during this process of vaporization that heat 3C 2 is 
extracted from the food and water in the refrigerator and used to 
vaporize more of the ammonia. This ammonia vapor is now taken into 
a compressor and compressed to a high pressure and a temperature 
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slightly above room temperature. This compressed fluid is then sent 
through pipes which are cooled by the circulating air around them. 
It is during this process that the heat 3Ci is given out by the refrigerant 
and the refrigerant is brought back to its initial state, that is, the 
liquid state. 

What is desired in a refrigerator is the extraction of an amount of 
heat 3C 2 from the cold source with the performance of as little work V?, 
during the cycle, as possible. Instead of talking about the efficiency of 
a refrigerator, engineers use the term coefficient of performance of a re¬ 
frigerator defined as 


coefficient of performance = 


heat extracted from cold source in a cycle 
work done during the cycle 


or 




In most practical refrigerators, the coefficient of performance K has the 
value 5 or 0. The smaller the amount of work needed to extract a given 
amount of heat, the greater is the coefficient of performance. For 
example, if 1,000 calories of heat are extracted from the food in the 
refrigerator, and the motor which operates the compressor performs an 
amount of work equivalent to 200 calories, then the coefficient of per¬ 
formance of this refrigerator is 5. The heat OCi delivered to the air 
surrounding the refrigerator is, from the first law of thermodynamics, 


OCi = JC 2 + 

or JCi = 1,000 + 200 = 1,200 calories. 


14. A Heat Pump 

The above analysis of the refrigeration cycle suggests the idea of 
using it as a heat pump to supply heat to a room. The operation of a heat 
pump would be somewhat as follows: by the performance of an amount 
of work 'W in one cycle of its operation, a quantity of heat JC 2 would be 
taken from the cool air at some temperature T 2 outside the room and a 
quantity of heat JCi would be pumped into the room at a higher tem¬ 
perature T\ (see Figure 14). The energy equation for this cycle is the 
same as that for the refrigeration cycle, that is, 

+ 0C 2 . 

Using the numerical values from the example above, we find that by 
doing the equivalent of 200 calories of work on it, the heat pump would 
take 1,000 calories from the outside air and supply 1,200 calories to the 
air inside the room. If this heat pump is operated by an electric motor, 
the only energy that is paid for is W, while about six times as much as 
this is delivered to the room in the form of heat JCi. 
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The idea that a refrigerator may be used as a heat pump was first 
proposed by Lord Kelvin in 1852; the first practical heat pump was 
constructed about ten years ago and many of them are now being pro- 



Fig. 14. Schematic diagram of the operation of a heat 
pump which takes a quantity of heat JC 2 from the atmos¬ 
phere at a low temperature T« and pumps a quantity of 
heat JCi into the room at a higher temperature 1\ when 
an amount of work is done on it. 


duced commercially. Most of these are arranged so that the quantity 
of heat JC 2 is taken from some water supply such as a river or lake rather 



Fio. 15. The Marvair heat pump installed in a home. It is used to warm the 
house in the winter and, by reversing the flow of the refrigerant, to cool the 
house in the summer. (Courtesy of Muncie Gear Works, Inc.) 


i 
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than from the air for better operation, since the temperature of the 
water is fairly constant over long periods of time. One model is con¬ 
structed so that the direction of flow of the refrigerant may be reversed, 
thus reversing the operation of the heat pump so that it takes heat JC 2 
from the room and delivers heat OCi to the outside reservoir. The same 


Air flow 



Hot fluid Air flow 



Fio. 16. Schematic diagram showing the direction of flow of the refrigerant 
through the Marvair heat pump (a) when it is used to take heat from the earth 
(by means of circulating water) and supply heat to the air in the room; (b) when 
it is used to take heat from the air in the room and heat the earth. In each case 
the transfer of heat from the refrigerant to the earth is accomplished with the 
aid of flowing water and the work necessary to operate the heat pump is per¬ 
formed by the compressor. (After diagrams supplied by the Muncie Gear 

Works, Inc.) 

heat pump can thus be used to heat the room in cold weather and cool 
the room in warm weather. Figure 15 is a photograph of the Marvair 
heat pump installed in a home; Figure 16 shows the direction of flow of 
the refrigerant (a) when it is used to heat the house, and (b) when it is 
used to cool the house. 
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QUESTIONS AND EXERCISES 

1. Distinguish clearly between the concepts of temperature and heat. 

2. Determine the temperature at which the readings will be identical on 

the Fahrenheit and centigrade scales. 

3. Absolute zero of temperature is -273.16° C. What is this temperature 

on the Fahrenheit scale? 

4. What is meant by the mechanical equivalent of heat? 

6. If water were to fall from a height of 778 ft and all of its energy were to 
be converted into internal energy of the water when it struck the ground, what 

would be the rise in temperature of the water? 

6. Show that 1 Btu is equivalent to about 252 calories. 

7. State clearly what is meant by the specific heat of a substance. If one 
calorie of heat is added to a gram of each of the following substances, what will 
be the rise in temperature of each one? The substances are water, copper, iron, 

and ^ laboratory experiment for the determination of the specific heat of 

copper a cylinder of copper whose mass was 250 gm was heated to 100° C and 
then placed in a beaker containing 1,000 gm of water at 20° C. The final temper¬ 
ature of the mixture-was 21.8° C. Determine the specific heat of copper from 

these data. Neglect the effect of the beaken 

9 A piece of aluminum whose mass is 200 gm is heated to 100 C and put 

into a beaker containing 750 gm of water at 25° C. Determine the final temper¬ 
ature of the mixture. . . . . 

10 In a laboratory experiment for determining the heat of vaporization 

of water, steam from a boiler is fed into a beaker containing 800 gm of water 
initially at 20° C When the temperature of the water has risen to 80° C, the 
supply of steam is shut off. The mass of steam that was condensed in the water 
was found to be 85 gm. Determine the heat of vaporization of water from 

these^data rams G f steam at atmospheric pressure are condensed in 250 gm 

of water originally at 15° C. What will be the final temperature of the system? 
12. What will be the final temperature when ice at 0 C is put into water 

at 100° C, the masses of the two being identical? 

13 A piece of ice whose mass is 30 gm is put into a beaker con¬ 
taining 150 gm of water at 75° C. What will be the final temperature of the 

100 gm of icc are put into 250 gm of water at 20 C, will all the ice 
melt? Explain your answer. 

16. Give a qualitative description of the vaporization of a solid, or subli¬ 
mation, based on the molecular point of view. . 

16 What is meant by the critical temperature of a substance? In a quali¬ 
tative way using the molecular point of view, account for the fact that the heat 

of vaporization of a substance is zero at the critical temperature. 

17 A cylinder fitted with a movable piston has 2 ft a of air in it at atmos- 
phene pressure, approximately 15 lb/in*. The piston is moved in until the air 
has been compressed to a volume of 0.5 ff. Determme the new pressure of the 
air, assuming the temperature has not changed. 
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18. In a laboratory experiment using the apparatus sketched in Figure 10, 
the volume occupied by the air is 250 cm 3 when the levels of the mercury columns 
are equal and the barometric pressure is 76 cm of mercury. Enough mercury is 
poured in to create a difference in level of 38 cm of mercury. Determine the 
volume now occupied by the air, assuming its temperature has not changed. 

19. When the pressure of the air in a tire is specified as “30 lb,” it means 
that the pressure of the air inside is 30 lb/in 2 above atmospheric pressure, 
(a) What volume would the air of this tire occupy if it were allowed to expand 
so that its pressure became atmospheric pressure, about 15 lb/in 2 ? (b) Com¬ 
pare the densities of the air when inside the tire and when it is at atmospheric 
pressure. 

20. A closed flask of helium has a volume of one liter; when the temper¬ 
ature of the helium is 0° C, its pressure is 81.9 cm of mercury. What will the 
pressure become when the temperature is raised (a) 1° C , (b) 20° C, (c) 273° C? 
(d) W hat will the pressure become when the temperature is lowered to —100° C? 

21. A cylinder fitted with a movable piston contains 546 cm 3 of air at at¬ 
mospheric pressure and 0° C. If the pressure is kept constant, what will the 
volume become when the temperature of the air is raised (a) 1° C, (b) 20° C, 
(c) 273° C? (d) V hat will the volume become when the temperature is lowered 
to -100° C? 

22. In a gasoline engine, the hot gases expand in the ratio of 6:1, that is, the 
final volume is six times the initial volume. If the initial pressure is 400 lb/in 2 
at a temperature of 1,000° C, what will be the final temperature, assuming that 
the pressure drops to 20 lb/in 2 ? 

23. How many molecules are there in (a) 32 gm of oxygen, (b) 1 gm of 
oxygen? 

24. How many molecules are there in (a) 2.016 gm of hydrogen, (b) 1 gm of 
hydrogen? Will the number of molecules in a gram of hydrogen depend upon 
its physical state, that is, whether it is a solid, a liquid, or a gas? 

26. One cylinder contains hydrogen and another cylinder contains oxygen 
at the same temperature. Compare (a) the average kinetic energies of the mole¬ 
cules of the two gases and (b) the average speeds of the molecules of the two gases. 

26. (a) Determine the maximum thermal efficiency of a steam engine 
which is supplied with steam at a temperature of 450° C and exhausts steam to a 
condenser at 10° C. (b) How much would the maximum thermal efficiency be 
increased if the steam could be supplied at a temperature of 675° C? 

27. A steam turbine has a thermal efficiency of 30%. When 10 6 Btu are 
supplied to it, how much of this is converted into work? Account for the rest 
of the energy. 

28. Compare the operations of a heat engine and a refrigerator with par¬ 
ticular reference to the direction of the flow of heat. 

29. Compare the operations of a refrigerator and a heat pump; emphasize 
similarities and differences. 



CHAPTER 


VII 


Electric Power 


1. Electromagnetic Power — The Link between Prime Mover and 
User 

Up to this point we have been emphasizing the historical develop¬ 
ment of devices for producing power without considering the use or 
manner of distribution of the energy being transformed into mechanical 
work. In the days of animal power, the animals or men applied their 
forces directly to the job to be done: lifting or hauling a load, pulling a 
plow, or turning a grinding mill. In the early stages of the development 
of wind and water power, the converted energy was utilized on the spot 
in the wind or the water mill. But once the potentialities of water 
power and fuel power were realized, a new problem slowly crystallized. 
As the users of mechanical power multiplied, it became essential to 
discover how to obtain a continuous source of power when and where 
it was needed. Man needed freedom from the fetters of the geographical 
limitations of natural power. 

In order to pose this problem in a more technical and concise form, 
let us summarize the basic requirements for the production and utiliza¬ 
tion of power. These are (1) a source from which energy may be derived; 
(2) a prime mover capable of transforming this energy into work; (3) a 
means of making the power easily available for use. The term “prime 
mover” used here means the main power-generating unit of a power 
plant. The prime movers we have covered so far are the water wheel or 
water turbine of the hydraulic power plant; the steam engine or steam 
turbine of the steam power plant; and the gasoline or oil engine of the 
internal combustion-engine power plant. W e have seen how fuel pow er 
ably satisfies the first two requirements mentioned above. Fuel power 
can be aptly called the power giant of today, but it has been through the 
advances made in the theory and practical applications of electricity 
that man has been able to create a truly enormous service giant in elec¬ 
tricity itself. 

The development of the subject of electricity parallels the de¬ 
velopment of our Western industrial civilization. A few facts concerning 
electricity had been known since ancient times, but its scientific study 
first began in the eighteenth century with the work of such men as 
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Franklin, Coulomb, Galvani, and Volta. It was early in the nineteenth 
century that Oersted and Ampere showed that electricity and mag¬ 
netism were closely related; shortly thereafter Henry and Faraday 



I’io. 1. \\ illiam Gilbert (1540— 1003). Physician 
and scientist. Performed experiments in mag¬ 
netism and electricity. (Courtesy of Bettmann 

Archive.) 

discovered the principle of electromagnetic induction, the fundamental 
principle at the basis of the operation of the electric generator and electric 
motor, the groundwork was thus laid for the use of electricity to 
carry power from any source to its ultimate consumers by means 
of an electric network. In the second half of the nineteenth century, 
Maxwell synthesized all the previous work into his electromagnetic 
theory and from this theory predicted the existence of electromagnetic 
waves and developed the electromagnetic theory of light. The existence 
of electromagnetic waves was confirmed in a series of brilliant experi¬ 
ments by Hertz and led to the development of wireless telegraphy and 
modern radio. 

The history of the development of the subject of magnetism to 
some extent parallels that of electricity. Natural magnets such as 
lodestone have been known since ancient days. Permanent magnets of 
iron have a long history and even an early practical use. There are 
records dating back to the twelfth century of the use of the magnetic 
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compass in navigation. But it was not until William Gilbert’s (1540- 
1603) work in the sixteenth century that the first scientific study of 
magnets was made. In his De Mcignete Gilbert showed that the earth 



Fig. 2. A ship’s compass. Note the four parallel mag¬ 
nets on which the compass card is mounted. 


could be considered as a huge spherical magnet with two poles, and that 
the compass needle was oriented by the forces exerted by the earth’s 
magnetism. A magnetic compass is an extremely simple instrument. 
It consists of a small light piece of magnetized steel mounted on a 
pivot so that it can rotate freely in a horizontal plane. It moves over a 
card which has N E S W marked on it 90 degrees apart, and convenient 
subdivisions (see Figure 2). Its operation is based on the fact that when 
a magnetized needle is so pivoted, it will ultimately come to rest in 
approximately a north-south direction. The end of the magnetized 
needle which points north is called the north-seeking pole or simply the 
north pole of the magnet, while its other end is called the south pole. 

The next great development in the subject of magnetism came with 
the discovery of the magnetic effect of an electric current by Hans 
Christian Oersted (1777-1851), in 1820. After that the subjects of 
electricity and magnetism advanced together to make possible our 
present highly technical civilization. 

2. Fundamental Facts about Electricity 

Instead of going way back in history to the beginnings of electricity, 
we shall take advantage of our present-day knowledge in order to present 
a few important facts. First of all, we know today that all ordinary 
matter contains two kinds of electricity, in equal amounts. One kind 
we call positive electricity and the other, negative. An ordinary piece of 
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matter, such as a piece of glass or a piece of brass, is said to be non¬ 
elect rifled when an electrical balance exists between the two kinds of 
charges. The negative electricity in a body consists of small identical 
particles called electrons. As will be shown at a later stage of our in¬ 
quiries, these electrons have extremely small mass and electric charge. 
The positive electricity occurs in tiny, tightly bound groups of particles. 
Each group is called a nucleus. A nucleus is very much heavier than an 
electron and may have anywhere from about 1,800 to about 300,000 
times the mass of an electron. We shall study the specific peculiarities 
and properties of nuclei and electrons in the last section of this book, 
which deals with the exploitation of the atomic universe. 

In an ordinary solid, the nuclei are arranged in a fixed pattern, 
which is sometimes quite regular and sometimes fairly irregular. The 
electrons move about in the spaces between the nuclei, and in many 
solids, notably the metals, a certain fraction of these electrons ar e free to 
wander about from nucleus to nucleus. Such solids as have free electrons 
are called good electrical conductors. On the other hand, there are many 
solids which have no free electrons. In this case each electron moves 
about some particular nucleus or group of nuclei and can be pried loose 
from its place only by applying a relatively large force. Such solids are 
called electrical insulators and include materials like rubber, sulphur, 


glass, amber, cork, porcelain, and Lucite. 

Now let us consider a few simple experiments which will demon¬ 
strate some of the elementary properties of positive and negative 
electricity. If an amber rod is rubbed with a piece of fur, electrons from 
the fur adhere to the amber, and the amber rod is said to be charged 

negatively with electricity. Now if the 
amber rod is brought near a small pith 
ball suspended by a silk thread (see Fig¬ 
ure 3), the pith ball will be attracted to 
the rod. The pith ball will stick to the 
rod for a short time and then it will sud¬ 
denly leap away. What happens is this: 
Fia. 3. A pith ball is attracted to when the pith ball is attracted to the 



an electrically charged amber rod. 
It acquires a charge from the rod 
and is then repelled by it. 


amber rod, some of the negative electricity 
on the amber becomes attached to the 
pith ball and the negatively charged 


pith ball is repelled by the negatively charged amber. If a glass 
rod is rubbed with a piece of silk, the same effect is observed 


when it in turn is brought near another neutral pith ball. Now if we 
charge two pith balls with the charged amber rod as described, we will 
find that the two pith balls repel each other. If we charge two other 
pith balls with a charged glass rod, these will also repel each other. TV e 
will find, however, that the pith balls charged with the amber rod 
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attract the ones charged with the glass rod. From this we can only 
conclude that the amber and the glass are charged oppositely and that 
like charges repel each other and unlike charges attract each other. 



Fig. 4. Benjamin Franklin (1706-1790). 
Statesman, author, business man aiul experi¬ 
mental scientist. (Courtesy of Bettmann 

Archive.) 


3. Coulomb’s Law 

The first determination of the law of force between charged bodies 
was made in 1785 by Charles Augustin de Coulomb (1736-1806), who 
found that the force between two charged bodies is directly proportional 
to the quantity of charge on each body and inversely proportional to the 
square of the distance between them. Put in the form of an equation, 
usually referred to as Coulomb’s law, this becomes 



where q x is the charge on one body, q 2 is the charge on the second body, 
and d is the distance between them. K is a constant of proportionality 
which depends upon the system of units used for expressing the various 
quantities and the nature of the medium between the charges. 
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It will be noticed that Coulomb’s law of force between charges is 
mathematically similar to Newton’s law of gravitation. There is, how¬ 
ever, one very important difference: the force between material particles 
is always one of attraction, while the force between charged particles 
may be one of attraction or of repulsion, depending upon whether the 
charges have unlike or like signs. 

There are many different systems of units used in the subject of 
electricity, each having some merit in a particular type of work. One 
frequently used by physicists is the c.g.s. electrostatic system of units. 
In this system, the constant K is assigned the value one when the 



Fig. 5. Michael Faraday (1791-1867) 
Chemist and physicist. Discovered the 
laws of electrolysis and electromagnetic 
induction. Introduced the concept of 
lines of force to help understand the 
phenomena associated with electric and 
magnetic fields. (Courtesy of Script'! 

Mathematica.) 


charges are in a vacuum; the force F is expressed in dynes and the 
distance d in centimeters; the charges q x and q 2 are then expressed in 
electrostatic units of charge called stat-coulombs. A stat-coulomb of 
charge is one which, when placed one centimeter from another stat- 
coulomb ol like charge in a vacuum, will repel it with a force of one 
dyne. The charge of one electron, for example, is 4.80 X 10 -10 stat- 
coulombs; stated another way, one stat-coulomb is equivalent to the 
charge on about 2.08 X 10 ,J electrons. 

In the practical system of electrical units, the unit of charge is the 
coulomb , which is 3 X 10“ stat-coulombs. The charge on one electron 
can be expressed as 1.G0 X 10 -19 coulombs; stated another way, one 
coulomb is equivalent to the charge on 0.25 X 10 18 electrons. 
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4. The Electric Field 

The fact that two charged bodies at different points in space exert 
forces on each other which depend upon their charges implies that the 
effect of one charge upon the other is transmitted through the space 
between them. A convenient way of thinking about this is to imagine 
that the space around an electric charge contains an electric field and to 
assign properties to this electric field consistent with the observed 
phenomena. For example, when a charge q is placed in the neighborhood 
of another charge Q, we say that the charge q is in the electric field of 
the other charge Q, and the force on q, instead of being ascribed directly 
to Q , is ascribed to the action of the electric field on it. 

If the electric charge q experiences a force F when it is in an electric 
field, the ratio F q is called the intensity of the electric field E. Since 
force is a vector quantity and has both magnitude and direction, the 
electric field intensity E is also a vector quantity. It was Michael 
Faraday (1791—1807) who suggested that the electric field could be 
mapped in such a way that its intensity, both in magnitude and in direc¬ 
tion, could be found at a glance. The method consists in drawing lines, 
called lines of force, in such a way that the direction of the line at any 
point would give the direction of the electric field at that point and 
that the number of lines passing perpen¬ 
dicularly through a unit area at that point 
would represent the magnitude ot the 
electric field intensity at that point. Any 
convenient scale may be chosen for this 
graphical representation. For example, if 
a stat-coulomb of positive charge at some 
point P in an electric field experiences a 
force of 5 dynes to the right (see 1 igure 6), 
we can draw five lines perpendicularly 
through 1 cm 2 toward the right to repre¬ 
sent the intensity of the electric field at 
this point. A negative charge at the same 
point would experience a force in the opposite direction. 

The electric field around a small positive charge Q is shown in 
Figure 7; the lines of force radiate away from this charge, since a 
positive charge placed anywhere in the neighborhood of Q would ex¬ 
perience a force of repulsion. It will be noticed that the lines of force 
grow farther apart as the distance from the charge Q increases. As a 
matter of fact, the number of lines of force per unit area in this electric 
field varies inversely as the square of the distance from the point charge 
Q in accordance with Coulomb’s law. The electric field around a small 
negative charge -Q is shown in Figure 8; here the lines of force are also 
radial but are directed toward the charge. In general, an electric line 



Fig. G. Representation of the 
intensity of the electric field at 
point I* by drawing the appro¬ 
priate number of lines of force 
through a unit area perpendicu¬ 
lar to the lines of force at this 

point. 


4 
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of force always begins on a positive charge and ends on a negative 


charge. 



around a small positive charge 
is radial and directed away 
from the charge. 



around a small negative charge 
is radial and directed toward 
the charge. 


Q 


Q 


A type of electric field often used is one which is constant through¬ 
out a given region of space. Such an electric field can be obtained very 
readily by spacing two parallel metallic plates a small distance apart, 

putting a charge +Q on one plate and an equal and 
opposite charge — Q on the other plate (see Figure 9). 
The electric field between the plates is uniform and 
directed from the positively charged plate to the neg¬ 
atively charged plate. If E is the electric field in¬ 
tensity between the plates, and if a small positive 
charge q is placed anywhere between them, it will ex¬ 
perience a force 

' ' ( 2 ) 







Fio. 9. The electric 
field in the space 
bet w ecn two 
charged metal 
plates is uniform 
when the plates 
have equal charges 
of opposite sign. 


in the direction of the electric field. If a negative 
charge —q is placed anywhere in this field, it will ex¬ 
perience an equal force but in the opposite direction, 
that is, toward the positive plate. 

A system consisting of two metallic plates sepa¬ 
rated by air or by any other nonconducting medium 
is called a capacitor , and, as we shall see, has a variety 
of uses. 


5. Charging by Induction 

Since all substances are‘made up of positive and negative charges, 
whenever a substance is placed in an electric field the positive charges 
experience forces in one direction while the negative charges experience 
forces in the opposite direction. If the substance is a nonconductor such 
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as glass, the forces of attraction between its positive and negative 
charges may be strong enough to prevent any large-scale mot ion due to 
the forces on them produced by the electric field. In this case the 



Fig. 10. When a nonconductor 
is placed in a uniform electric 
field, the positive and negative 
charges inside the substance are 
displaced through very small 
distances throughout the non¬ 
conductor. 



placed in a uniform electric field 
equal and opposite charges ap¬ 
pear on opposite sides of the con¬ 
ductor. 


charges will merely be displaced slightly from each other as shown in 
Figure 10. If the substance is a conductor such as copper, the free 
electrons will be forced toward one side (see Figure 11), charging that 
side negatively and leaving the other side charged positively. 

If we consider an uncharged conductor AB placed in the neighbor¬ 
hood of a positive charge Q, negative charges will be attracted to side A, 
leaving side B positively charged (see Figure 12). If we now connect 





(a) . (*>) ( c ) 

Fig 12 Charging by induction, (a) Charge Q is brought near conductor AB; 
(b) conductor is grounded; (c) ground connection removed first, then charge 
is removed from vicinity of AB.. The induced charge redistributes itself o*er 
AB. The induced charge is opposite in sign to the inducing charge. 


AB momentarily to the ground by means of a conducting wire, then 
disconnect the wire, and remove AB from the neighborhood of the charge 
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Q, it will be found that A B is no longer neutral, but is now negatively 
charged. This can be shown very readily by bringing it near another 
negatively charged body and noting that there is a force of repulsion 
between them. The method of charging a conductor outlined above is 
called charging by induction. We can retrace our steps to see just what 
happened during this process. When AB was placed in the field of the 
positive charge Q , negative charges were attracted to the side nearest Q, 
leaving the side farthest away positively charged. When a conducting 
wire connected AB to the ground, a new conducting system was formed, 
consisting of AB, the conducting wire, and the ground. The ground is a 
good conductor. Negative charges from the ground were attracted up 
through the wire to AB by the action of the electric field. When the 
wire was disconnected from AB, the negative charge remained on it so 
that it became charged with an excess of negative charge. 

If it is desired to charge a body dB by induction with a positive 
charge, we bring a negative charge — Q near it, connect AB momentarily 
to the ground by means of a conducting wire. Some of the electrons in 
AB are repelled by the action of the electric field of the charge — Q, and 
are conducted to the ground. When the connecting wire is removed, 
there is a deficiency of electrons on AB, making it positively charged. 

A very useful and sensitive instru¬ 
ment for making measurements of elec¬ 
tric fields, electric charges, and other 
electrical quantities is the gold-leaf elec¬ 
troscope. One simple form of electroscope 
is illustrated in Figure 13. A metal rod 
AB is mounted in a container having 
glass windows. Two very thin strips of 
gold foil are attached to the lower end 
B and are visible through the windows. 
The metal rod is insulated from the con¬ 
tainer, which may be made of metal and 
grounded. If the rod AB is charged either 
positively or negatively, the charge dis¬ 
tributes itself over the whole conductor, 
including the gold strips or gold leaves, 
as they are called. Since like charges 
repel each other, the leaves will diverge 
Fio. 13. Gold-leaf electroscope. thr0 ugh an angle which is dependent 

upon the weight of each leaf and the quantity of charge on each one. 
Thtf greater the angle of divergence, the greater is the charge on it. 

Suppose that initially the leaves of the electroscope are uncharged 
and hang vertically. If a positively charged body is brought near it, 
the electrons in the metal will be attracted toward the top A, and the 
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leaves will become positively charged and diverge. A similar thing will 
happen if a negatively charged body is brought near the electroscope, 
except that the electrons will be repelled from the top down to the 
leaves, which will now be negative. 

The electroscope can be charged by induction in a manner similar 
to that of any other conductor. If a negatively charged body is brought 
near the electroscope and the rod A B is momentarily grounded, the 
electrons will be repelled to the ground, leaving an excess of positive 
charge on the electroscope. If the ground connection is removed and 
this is followed by the removal of the inducing charge, the charges on the 
electroscope will redistribute themselves so that both the rod AB and 
the leaves will be positively charged and the leaves will diverge through 
a definite angle. Since the case of the electroscope remains connected 
to the ground at all times, there will be charges of opposite sign induced 
on the case. 


The charged electroscope can be used to test the nature of the 
charges which are brought near it. For example, if a positively charged 
body is brought near a positively charged electroscope, the angle of 
divergence of the leaves will get larger, since negative charges in the 
electroscope will be attracted toward the top, increasing the positive 
charges on the leaves. Conversely, the presence of a negative charge in 
the neighborhood of a positively charged electroscope will cause the 
angle of divergence of the leaves to become smaller. Similar results, 
with appropriate attention to the sign of the charge, can be predicted 
for the behavior of a negatively charged electroscope. 

The electroscope can be made 


into a measuring instrument by put¬ 
ting a scale on the window or by 
viewing the leaves through a tele¬ 
scope having a scale attached to it. 
When used for making measure¬ 
ments, the instrument is called an 
electrometer. 

6. Electric Current and Potential 
Difference 

Charging a body electrically in¬ 
volves essentially the separation of 
positive from negative electricity. 
Since unlike kinds of electricity at¬ 
tract each other, work has to be 


ABB' 



Fig. 14. Work must be done to move 
the positively charged plate from B to B' 
against the force of attraction F between 
it and the negatively charged plate A. 


done to effect the separation of these 


charges (see Figure 14). When two charges are separated, the work 
done in separating them goes to increase the electrical potential energy 
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of the system; it is this work which constitutes the source of the elec¬ 
trical energy. If the two unlike charges should approach each other, 
there will he a decrease in the electrical potential energy of the system; 
the potential energy which the system loses will be changed into some 
other form of energy such as mechanical energy, heat, light, or else may 
produce some chemical change. 

When a charge can move from any point A to any other point B 
and do work, we say that the two points are at different electric po- 
„_V-►- tentials, or that there is a po¬ 

tential difference between the two 
points (see Figure 15). 

The difference of potential 
between any two points in a 
circuit is simply the ratio of the 
work done in transferring a charge from one point to the other to the 
quantity of charge transferred, that is, 




Fig. 15. V is the difference of potential be¬ 
tween A and B. 


difference of potential 


work done 
charge transferred 1 


or, in symbols, 




where V is the difference of potential between the two points, is the 
work done in transferring the charge Q. In the practical system of 
units, the work done is measured in joules and the difference of potential 
is then measured in volts when the charge is measured in coulombs, or 


number of volts 


number of joules 

■ — ■ ■ - • 

number of coulombs 


For example, if 1,100 joules of work are done in moving 5 coulombs of 
charge from point A to point B, the difference of potential between these 
two points is 



1,100 joules 
5 coulombs 


220 volts. 


A difference of potential can exist between two points even though 
no charge is actually being transferred. However, work is done only 
when charge is transferred; the work done is, from equation (3), 



where V is the difference of potential between the two points and Q is 
the charge transferred. 

Whenever there is a flow of charges in any region, whether it is a 
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region of free space or one occupied by matter, we say that there is an 
electric current in this region. The magnitude of the electric current at 
any point is the ratio of the quantity of charge which passes through an 
area at this point to time required to go through this area, that is, 


charge 

current = —;- 

time 


or, in symbols, 




where I is the current, Q the quantity of charge, and t the time. In the 
practical system, the current is expressed in amperes when the charge 
is expressed in coulombs and the time in seconds. For example, if 600 
coulombs of charge go through a given area at a point in two minutes, 
the current at this point is 

600 coulombs 

I =--— = 5 amperes. 

120 seconds 


A current may consist of the flow of positive charges or of negative 


charges or of both kinds of charges. 
The direction of the current is arbi¬ 
trarily taken as the direction of 
motion of the positive charges and 
opposite to the direction of motion of 
the negative charges (see Figure 16). 

When the charges move from 
one point to another under a differ¬ 
ence of potential V we know that 
the work done is 

= 


Direction of current 



Fig. 16. The direction of a current is 
the direction in which the positive 
charges move and opposite to the direc¬ 
tion in which negative charges move. 


VQ. 


But from equation (5) 



therefore the work done ma y be expressed as 

I *w = Vlt. 



For example, if a lamp carries a current of 2 amperes under a difference 
of potential of 110 volts for 30 seconds, the energy supplied to the lamp 

is, from equation (6), 

= 110 volts X 2 amp X 30 sec 


= 6,600 joules. 


The lamp converts some 


of this energy into light and the rest into heat. 
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The rate at which work is done in any part of an electric circuit is 
called the electric -power . The general definition of power is 



and since *W = Vlt; (6) 

therefore 

When the energy is expressed in joules and the time in seconds, the 
power P is expressed in watts. Also, if the difference of potential is 
expressed in volts and the current in amperes, the power is expressed in 
watts. For example, if a current of 5 amperes is supplied to a con¬ 
ductor at a difference of potential of 110 volts, the power supplied is 

P = HO volts X 5 amp = 550 watts. 

If this power is delivered for 3 minutes, or 180 seconds, the work done is 

W = 550 watts X 180 sec = 99,000 joules. 

7. Sources of Electrical Energy 

We know that all matter contains positive and negative electricity 
intimately mixed so that normally matter exhibits no charge, that is, 
it is electrically neutral. If we wish to get electricity to do work for us, 
we must seek ways and means of separating positive and negative charges 
from one another and of leading them through electrical circuits so that 
they can deliver the energy where and when it is desired. If we want 
to be able to deliver large amounts of energy we must provide means 
for separating large amounts of positive and negative charges and for 
maintaining a constant difference of potential at the source. In present- 
day power production this is accomplished chiefly in two different ways. 
One is by means of the chemical cell or chemical battery; the other is 
by means of the electric dynamo. 

There are two general types of chemical cells, the primary cell and 
the storage cell. A primary cell usually consists of a container having 
two dissimilar metals in a liquid solution of some acid, base, or salt. 
The chemical action between these materials need not concern us here; 
the essential fact is that as a result of the chemical action one electrode 
becomes positively charged and the other electrode becomes negatively 
charged. The positive electrode is said to be at the higher potential and 
the negative electrode at the lower potential; the chemical action 
maintains this difference of potential between them (see Figure 17). As 
long as the two terminals of the cell are not connected to an external 
conductor, there will be no flow of charges and hence the cell will deliver 
no current and no energy. If the electrodes are connected by means of 
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an external conductor, there will be a How of charges, that is, there will 
be a current, not only in the external conductor but in the cell itself. 
The direction of the current is the direction of motion of the positive 
charges, or the direction opposite to that of the negative charges. In 
the external part of the circuit the direction of the current is from the 
positive electrode to the negative electrode, or from the point at high 
potential to the point at low potential. In the metallic parts of the 
circuit only electrons are free to move; the direction of motion of the 
electrons is opposite to the direction of the current. Inside the cell the 
current is from the negative to the positive electrode. The energy that 
is delivered by the cell comes from the chemical reactions which take 

place in the cell. 

The storage cell differs from the primary cell in that the storage cell 
first has to be charged, that is, it has to be supplied with electrical 
energy from some outside source which is stored as electrical potential 
energy as a result of the chemical changes which are produced in the cell. 
Once charged, it behaves as a primary cell until it has given out all of the 
electrical energy which was stored there. It can then be recharged and 
used again. The storage battery used in automobiles is one common form 
and usually consists of three or more storage cells connected in series 
(see Figure 18). Batteries are also used as the chief source of power in 


Current 




Fig. 18. The three cells of an auto¬ 
mobile battery are connected in 

series. 


submarines while they are submerged, since the operation of an internal 
combustion engine would present several difficulties, such as the elimina¬ 
tion of the dangerous exhaust gases under high external pressure, and 
the replacement of the oxygen used by the engine. The reader is un¬ 
doubtedly aware of many other uses for both primary and storage 

bftttcncs 

For the generation of large amounts of electric power dynamos are 
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used. A dynamo is essentially a device for the transformation of me¬ 
chanical energy into electrical energy. The mechanical energy is supplied 
to the dynamo by means of some prime mover such as a steam engine, 
steam turbine, internal combustion engine, or water turbine. The 
principle upon which the operation of the dynamo is based is that of 



Fig. 19. Luigi Galvani (1737-1789). 
Physician, anatomist. His observation 
of a curious phenomena, that the mus¬ 
cles of a frog’s leg contracted when 
sparks were produced by the discharge 
of an electric machine in its neigh¬ 
borhood, and his subsequent experi¬ 
ments on the contractions of nerves 
and muscles when touched by metals 
led to renewed interest and activity in 
the subject of electricity. (Courtesy of 

Culver Service.) 


electromagnetic induction. A detailed consideration of this phenomenon 
will be left to a later section; at this stage we shall simply say that by 
moving a conductor relative to a magnetic field a difference of potential 
is established across the ends of the conductor. If these two terminals 
are connected by means of a conductor, electric charges will be set in 
motion in the circuit, thus supplying electrical energy to it. 

Although many technical complexities arise in the transmission and 
distribution of electrical energy, we can appreciate at this point that 
in the electric current led by wires man has found the link between the 
prime mover and the user. By means of the vast network of wires in the 
United States today, man takes the raw sources of power and utilizes 
them when and where he needs them. 

8. Conversion of Electrical Energy into Heat 

By means of an electric circuit, energy from some primary source can 
be delivered to a device or appliance in which this energy can be con¬ 
verted into any desired form, for example, into heat in an electric toaster, 
into mechanical energy with an electric motor, into chemical energy ® 
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an electroplating bath, into electromagnetic radiation such as radio 
waves with an oscillating circuit, and so forth. Furthermore, many of 



Fig. 20. Alessandro Volta (1745-1827). 
Volta repeated and extended Galvani’s work 
and this led to the construction of a series of 
primary cells piled one on top of the other, the 
so-called voltaic pile (1800); the latter was 
essentially a group of primary cells connected 
in series. Each cell consisted of a copper disk 
and a zinc disk separated by a piece of blot¬ 
ting paper which had previously been soaked 
in brine. The copper disk of one cell was then 
placed on the zinc disk of the cell below. A 
continuous electric current was obtained when 
the first and last disks were joined by a con¬ 
ductor. (Courtesy of Culver Service.) 


these forms of energy owe their existence to some of the properties of 
electricity and could not have been discovered or produced without the 

It has been found as a matter of experience that practically every 
tvne of energy transformation involving electricity is always accompanied 
by the conversion of some of the energy into heat. The conversion of 
electrical energy into heat was first carefully investigated by Joule as 
nart of his larger project of determining the mechanical equivalent of 
heat Joule sent electricity through a metallic conductor immersed in 
water (see Figure 21) and measured the amount of heat supplied to the 
water in terms of the electrical energy supplied to the metallic con¬ 
ductor He found that the amount of heat developed was proportional 
to the square of the current in the conductor and to the time that energy 
was supplied to it, or, in symbols, 

V? o: lH; 
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or, in the form of an equation, 



( 8 ) 


where VP is the amount of energy transformed into heat, I the current 

in the conducting wire, and t the time elapsed. R 
is a constant of proportionality called the resistance 
of the wire. The units are so chosen that when VP 
is measured in joules, I in amperes, t in seconds, the 
resistance R is expressed in ohms. If we compare the 
general equation for the work done in an electric 
circuit with the above equation for the electrical 
work which is transformed into heat, we get 

VP = V it = RI 2 t 



from which 



(9) 


This result shows that the current in a par- 
Fio.21. Joule’s ex- ticiilar conductor is proportional to the difference of 
periment on the potential across the ends of that conductor. This 
conversion of elec- result, which was first arrived at in 1827 by Georg 
tn<a heat? 3 ,nt ° Simon Ohm (1789-1854) as a result of his inves¬ 
tigation of the relationship of the current in a con- 



Fig. 22. Georg Simon Ohm(1789-1854). 
His investigation of the properties of 
conductors of electricity led to the rela¬ 
tionship now known as Ohm’s law. 
(Courtesy of the Bettmann Archive.) 


ductor and the potential difference across it, is known as Ohm's law. For 
example, if an electric iron takes 5 amperes when operating on a 11 
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volt circuit, the resistance of the wires of the heating element in the iron is 

R = — = ohms = 22 ohms. 

/ 5 

The amount of energy supplied to the iron in two minutes is 


VP = RIH = 22 X 25 X 120 joules = 06,000 joules. 


Since 4.186 joules are equivalent to 1 calorie, the amount of energy 
converted into heat can also be expressed as 



66,000 cal 
4.186 


15,800 calories. 


9. Electrical Resistance 

The electrical resistance of any conductor may be determined very 
simply by measuring the current I in the conductor when the difference 
of potential across it is V. One such simple 
arrangement is shown in Figure 23 in which 
BC is the wire whose resistance is to be de¬ 
termined. The ammeter (A) measures the 
current in the wire; the voltmeter (F) meas¬ 
ures the potential difference between B and 
C. The potential difference is also sometimes 
referred to as the voltage across the wire BC. 

The resistance R is then calculated with the ing the resistance of a wire> 
aid of Ohm’s law. The resistances of con¬ 
ductors of various materials, of different lengths, and of different cross- 
sectional areas have been carefully investigated and found to depend 
directly upon the length L, inversely upon the cross-sectional area A 
and upon the nature of the material of the wire. Put in symbols, 

R = 

A 

where k is called the specific resistance of the material. The specific 
resistance of a substance is a constant at any one temperature and for 
most substances it varies with the temperature. In the case of metallic 
conductors, the specific resistance increases as the temperature increases; 
for many nonmetallic conductors the specific resistance decreases when 
the temperature increases. The variation of the resistance of a sub¬ 
stance with temperature is made use of in many practical devices such 
as thermometers, pressure gauges, and control devices. 

An electrical circuit may be very simple, consisting of a few ele¬ 
ments, or it may be very complex, consisting of many elements con¬ 
nected in a variety of ways. If the current I through the circuit is 
constant and if F is the difference of potential between two points in 
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the circuit, the ratio V/I is the resistance R of the circuit. In practical 
calculations, it is important to be able to determine the equivalent 
resistance of a circuit in terms of the resistances of the individual ele¬ 
ments of the circuit. In some cases this determination is fairly simple. 
For example, when three wires are connected in series as shown in 



Fig. 24. Three resistances connected in series, (a) The current 
as measured by the ammeters, A, is the same throughout the cir¬ 
cuit. (b) The voltage across the circuit is the sum of the voltages 

across the individual resistances. 

Figure 24, the equivalent resistance R of this section is the sum of the 
individual resistances, that is, 



If these three wires are connected across the same two terminals 

as shown in Figure 25, they are said to be in parallel, and the equivalent 

resistance R of this section is related to the individual resistance as 
follows: 



In the special case in which all three elements have the same re¬ 
sistance, R\ = Ri = R 3 , then the equivalent resistance R is one third 
the resistance of any one element, that is, 

3 





§9] 


ELECTRICAL RESISTANCE 


189 


When resistances are connected in series, the current / is the same 
through each resistance* while the difference of potential across the 
terminals of each resistance is directly proportional to the resistance. 


When the resistances are connected 
in parallel, the potential difference is 
the same across each resistance, and 
an application of Ohm’s law shows 
that the current in each element varies 
inversely as its resistance, i.e., the cur¬ 
rent is greatest in the element whose 
resistance is least. 

The electrical outlets commonly 
placed in buildings supplied with elec¬ 
tric power are connected in parallel 
with each other. In most buildings, 
the potential difference at these out¬ 
lets is about 120 volts. Hence electric 
light bulbs, toasters, heaters, radios, 
and other electrical appliances for 
home use are usually designed to oper- 
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Fig. 25. Three resistances con¬ 
nected in parallel. The voltage is 
the same across each resistance. 
The current / supplied by the bat¬ 
tery B is the sum of the currents in 
the parallel branches of the circuit. 


ate at this voltage. All the outlets are 

therefore connected in parallel so that each device can be operated in¬ 
dependently of the others, each one being equipped with a switch to 
open or close that particular branch of the circuit. Each device is 
usually labeled with the voltage at which it is to be operated and the 
power required to operate it. For example, lamps are rated as 110 
volts, 40 watts or 110 volts, 100 watts; toasters as 110 volts, GG0 watts; 
and so forth. The simple equations given in this chapter will enable 

anyone to compute either the 
resistance of the particular ap¬ 
pliance or the current in it. One 
other important bit of infor¬ 
mation is usually given with 
each appliance, that is, whether 
it should be operated on direct 
current (D.C.) only, or on al¬ 
ternating current (A.C.) only, 
or whether it may be operated 
on either one (A.C.-D.C.). 

Let us consider a few simple electric circuits to illustrate series and 
parallel connections. Figure 26 shows a circuit consisting of two coils 
connected in series across a source of power B, represented as an electric 
battery in this case. An ammeter A, an instrument for measuring the 
current in the circuit, is connected in series with the two coils and the 
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battery B. A voltmeter V is connected across the terminals EG to 
measure the voltage or difference of potential across the two coils. 
Suppose that the resistance of one coil, R X} is 12 ohms, and that of the 
second coil, R 2 , is 20 ohms, and that the voltage across the two, V = 48 
volts. 

The combined resistance R of the two coils in series is 

R = R x + R 2 = 12 + 20 = 32 ohms. 

The current I in these resistors is, from Ohm’s law, 

y V 48 

1 = ~R = 32 amp = 1,5 amp * 

This is the current in each coil. The voltage V x across the first coil is 

Vx = //?i= 1.5 X 12 = 18 volts. 

The voltage V 2 across the second coil is 

V 2 = IR 2 = 1.5 X 20 = 30 volts, 
and the voltage across the two is 

V = Vx + V 2 = 18 + 30 = 48 volts. 

Suppose that we connect these two coils in parallel as shown in 
Figure 27, using the same battery as above. The combined resistance 




R of these two coils in 


parallel is given by the equation 


so that 



from which 


R = 7.5 ohms. 
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The resistance of the combination in parallel is less than the resistance 
of either coil. The current / supplied to the coils when the voltage 
V = 48 volts is 

V 48 

I = — = —— amp = G.4 amp. 
lx i .o 


The current in each coil can be found by applying Ohm’s law to each 
one. The voltage 1* is the same across each one since each coil is con¬ 
nected to the same terminals EF . Hence the current /1 in the first coil is 

V 4S 

/i = — = — amp = 4 amp. 

The current h in the second coil is 

V 48 , 

/.» = — = — = 2.4 amp. 

/? 2 20 F 

Thus the total current / = 0.4 amp supplied to these coils is divided 
between them so that the larger portion /, = 4 amp is in the smaller 
resistance, and the smaller portion I< = 2.4 amp is in the larger re¬ 
sistance. 


Fig. 28. Hans Christian Oersted (1777- 
1851) Using the voltaic pile as a source 
of electricity, Oersted discovered the mag¬ 
netic effect which accompanies an elec¬ 
tric current. (Courtesy of the Bettmann 

Archive.) 



10. Electromagnetism 

Until the nineteenth century electricity and magnetism developed 
independently of each other. In 1820, Oersted discovered the magnetic 
effect which always accompanies an electric current. Oersted found 
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that if a wire AB (see Figure 29) is placed over a compass needle and 
parallel to it, and if the wire is then connected to the terminals of a dry- 
cell or storage battery, the compass needle will experience a force at 

N-pole forced 



paper away from 
reader 

Fig. 29. Demonstration of Oersted’s experiment on the magnetic effect 

of an electric current. 

right angles to the wire, that is, it will be deflected from its North- 
South position. If the wire AB is placed below the compass needle and 
connected to the dry cell or battery as before, the magnetic needle will 
again experience a force at right angles to the wire, but in the opposite 
direction! If the end A of the wire is connected to the terminal marked 
( + ) positive, and the end B to the other terminal, the ( —) negative one, 
then when AB is above the needle, its iV-pole will be forced to the West, 
and when it is below the needle it will be forced to the East. The 
amount of the deflection of the compass needle from the North-South 
position depends upon the strength of the current flowing through the 

wire. If the wire AB is connected to two dry 
cells in series instead of to a single dry cell, the 
deflection of the magnetic compass will be 
greater. 

One of the earliest forms of current¬ 
measuring instruments consisted of a small 
compass needle placed at the center of a cir¬ 
cular loop of wire (see Figure 30). A large light 
pointer was attached to the compass needle for 
greater ease in measuring its deflection. From 
Fig. 30. The force on the the direction and magnitude of the deflection 
jV-pole of the magnet is di- Q f the needle, the direction and magnitude of 

rCCte fovvard the reader** 1 ^ the current in the coil could be determined. 

30 is counterclockwise, the W-pole of the needle is forced to the East, 
that is, out of the paper toward the reader. 

The magnetic effect of an electric current is still used in modern 




MAGNETS 


193 


§11] 


measuring instruments, but instead of using a light magnet and a heavy 
coil, most instruments are made with heavy magnets and light coils (see 
Section 15). 

Instead of continuing with the discussion of electromagnetism, we 
shall proceed with a description of some of the properties of permanent 
magnets and of the magnetic fields associated with them, and then 
return to the subject of electromagnetism. 


11. Magnets 

A simple way of studying the properties of magnets is to study the 
effect of one compass needle on another one. If the north pole of one 
compass needle is brought near the north pole of the other compass 
needle, the latter will be forced away, showing that there is a force of 
repulsion between the two north poles of the magnets (see Figure 31). 



If the north pole of the first one is brought near the south pole of the 
second compass, the latter will be attracted to it, showing that there is a 
force of attraction between unlike poles. Similarly, if the two south 
poles of the two compass needles are brought near each other, there will 
be a force of repulsion between them. Thus, like poles repel each other 

while unlike poles attract each other. 

The earth behaves as though it contains a huge magnet, with its 
south magnetic pole below the Hudson Bay region in northern Canada 
and its north magnetic pole below the Ross Sea in Antarctica. A com¬ 
pass needle anywhere on the earth’s surface will then lie with its north 
pole pointing toward the Hudson Bay region. Sometimes, however, the 
compass needle may deviate from this direction because of some local 
conditions such as the presence of iron or steel in the immediate neigh¬ 
borhood of the magnet, or the presence of magnetic ores in the earth, or 
the presence of electric currents in the neighborhood. 

The effect of iron or steel on a compass needle may be shown by 
bringing a piece of iron or steel near it (see Figure 32). It will be found 
that the pole nearest the iron or steel is attracted to it. If a small piece 
of iron, say, is suspended from a string so that it can swing freely and 
one end of a compass needle is brought near it, the piece of iron will be 
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attracted to the end of the needle. The force between a magnet and a 
piece of unmagnetized iron is thus always a mutual force between them 
and is always a force of attraction. Another variation of this experiment 
is to dip a small compass needle in a dish of small iron filings (see Figure 
33). An examination of the compass needle shows that the iron filings 


I s 

Permanent magnet 


Fig. 32. A piece of soft iron, brought 
near a permanent magnet, is mag¬ 
netized by induction with a south pole 
formed on the side facing the north 
pole of the permanent magnet. 

cling mostly to the ends of the magnet, 
is thus concentrated at the poles. 

Similar experiments with other materials show that most substances 
are practically unaffected by the presence of magnets. Some materials 
besides iron and steel are affected by magnets: nickel, cobalt, permalloy, 
and a few other alloys. A simple explanation of the behavior of these 
magnetic substances when brought in the neighborhood of a magnet 
may be based on the experimental fact that unlike poles attract each 
other. For example, if a piece of unmagnetized iron is brought into the 
neighborhood of a magnet, we may imagine that the piece of iron itself 
becomes a magnet temporarily because of the action of the permanent 
magnet on it. Since there is a force of attraction between the magnet 
and the iron, the latter must acquire a south pole on the side nearest the 
north pole of the magnet, and a north pole on its opposite side, as shown 
in Figure 32. To prove that the piece of iron does become a magnet, 
even though only temporarily, we can bring some iron filings up to the 
piece of iron. The iron filings will be found to cling to the ends of the 
iron. When the magnet is removed from the neighborhood of the piece 
of iron, the filings fall off, showing that it has lost its magnetism. Any 
substance which becomes a magnet when placed in the neighborhood of 
a magnet is said to be magnetized by induction or to have become an 
induced magnet. 

If instead of a piece of iron, a piece of steel is magnetized by induc¬ 
tion, it is found that the steel retains some of its magnetism after the 
inducing magnet has been removed. In other words, the piece of steel 
becomes a permanent magnet. It can be made into a stronger permanent 
magnet by bringing it closer to the inducing magnet, or better, by strok¬ 
ing one end of it with one of the poles of a magnet. An instructive 
experiment can be performed by taking a thin piece of steel, magnetizing 
it, breaking it in two pieces, and dipping those pieces in iron filings. 



Soft iron 


♦ 




Fig. 33. Iron filings cling to 
the ends of a permanent mag¬ 
net; these ends are the poles 
of the magnet. 


The external effect of the magnet 
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Each piece will be found to be a magnet. These pieces can be subdivided 
still further, and each piece, when tested with iron filings, will be found 
to be a little magnet with a north pole and a south pole. The results of 
this type of experiment have been utilized to push the explanation of the 
behavior of magnetic substances one step further back. Any magnetic 
material may be thought of as made up of many small magnets, probably 
of molecular or atomic size, arranged in some haphazard irregular 
fashion, as shown in Figure 34. When this piece of iron is brought into 
the neighborhood of a magnet, or as we sometimes say, when it is placed 
in the field of a magnet, the poles of these 


(o) 


tiny magnets in the iron experience forces 
of attraction or repulsion which tend to 

arrange them in a regular manner. \\ hen _ ^ 

these little magnets are arranged in a reg- I =r =r =r =r =r 1 
ular array, the iron behaves as a magnet, (bj 

that is, it has poles, is able to attract other 

pieces of iron and to attract and repel other Fig. 34 (a) Random orienta- 

^ f f i tion of the elementary magnets 

magnets. When it is taken out oi tne i ns jj c a piece of iron. (l>) Or- 

magnetic field, the iron loses its magnetism, derly arrangement of the ele- 

In terms of the above picture, the elemen- mentary magnets when the iron 

, , is placed in a magnetic field, 

tary magnets inside the iron are once 

more in a disordered, haphazard arrangement. A piece of steel 
does not lose all of its magnetism when taken out of the magnetic field, 
that is, the orderly arrangement is not completely destroyed. Some of 
the elementary magnets retain their new alignment, giving the steel the 


properties of a permanent magnet. 

A permanent magnet which is thrown around, hit with a hammer, 
or given similar rough treatment, loses its magnetism. These actions 
probably help to destroy the ordered arrangement of the elementary 
magnets. Or, if a magnet is heated, it soon loses its magnetism. These 
facts lend additional support to the hypothesis that a magnetic sub¬ 
stance is made up of small elementary magnets. This hypothesis, while 
very useful in explaining some of the simple facts about magnets, is not 
the complete explanation. One would like to know the origin of these 
elementary magnets, why some substances are magnetic and others 
apparently are not. This leads us into the field of atomic physics and 
will be left for future discussion (Part 4). 


12. Magnetic Fields 

The discussion of magnetic effects produced by permanent magnets 
and by electric currents can be greatly facilitated by introducing the con¬ 
cept of strength or intensity of a magnetic field, and using a graphical 
representation analogous to that used for representing an electric field 
surrounding electric charges. As a matter of fact, the law of force between 
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magnetic poles was found by Coulomb to be similar to that for electric 
charges. Coulomb’s law of force between magnetic poles states that 
force ol attraction or repulsion between two magnetic poles is propor- 



Fig. 35. Photograph of the pattern formed by iron filings in the 

neighborhood of a bar magnet. 


tional to the strength of each pole and inversely proportional to the 

squaie of the distance between the poles. Or stated in the form of an 
equation, 



whei e pi is the strength of one pole, P 2 is the strength of the second pole 

at a distance d from it, and F is the force between them. C is a constant 

depending upon the units used and the nature of the medium between 

the poles. In one set of units, the constant C is assigned the value one 

when the magnets are in a vacuum. The unit of pole strength is then 

defined in such a way that if two like poles of unit strength are placed 

one centimeter apart in a vacuum, the force between them will be one 
dyne. 

Since magnetic effects are transmitted through space, we can imagine 
the region around any magnet as containing a magnetic field and all the 
effects produced by the magnet on neighboring magnets and on neigh¬ 
boring electric circuits can be described as due to its magnetic field. Let 
us first define the intensity of the magnetic field H at any point in space 
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as the ratio of the force F that is experienced by a magnetic pole placed 
at that point to the strength p of its pole, that is, 


(13) 


The intensity of a magnetic field is expressed in oersteds when the force 
F is expressed in dynes and the pole strength in terms of the units de¬ 
fined above. 




Fig. 30. 


--- 

Representation of the magnetic field around a bar 

of lines of force. 


We can represent the intensity of the magnetic field graphically by 
means of magnetic lines offeree drawn so that the direction of the line at 



Fia 37 Photograph of the pattern formed by iron filings in the 
neighborhood of two bar magnets with their north poles facing each 
other and with their axes in the same straight line. 


any point is the direction of the magnetic field intensity at that point, 
and the number of lines of force passing perpendicularly through a unit 
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area at any point gives the strength of the magnetic field at that point. 
Thus a magnetic field intensity of 300 oersteds at any point would be 
represented by 300 lines/cm 2 at that point, drawn to any convenient 
scale. A convenient way of mapping the magnetic field in any region is 
to use small compasses scattered throughout the region. They will line 
up paiallel to the lines of force at all points. In many cases this can be 
done by sprinkling iron filings on a piece of glass or paper placed in the 
magnetic field. The iron filings become small magnets by induction 
and aie lined up in the direction of the magnetic field. Figure 35 shows 
the magnetic field around a bar magnet made by photographing the iron 
filings on a glass plate. Figure 36 shows the representation of this 
magnetic field by means of magnetic lines of force. The field produced 
by two magnets in line with like poles facing each other is shown in 
Figure 37; while the magnetic field produced by two magnets in line with 
unlike poles facing each other is shown in Figure 38. 



^ IO ' Photograph of the pattern formed by iron filings in the 

neighborhood of two bar magnets with opposite poles facing each 
other and with their axes in the same straight line. 

Figure 39 illustrates the effect of placing a piece of soft iron in a 
magnetic field. A comparison of Figures 38 and 39 will show that the 
magnetic field is more concentrated in the neighborhood of the piece of 
soft iron. This concentration is due to the fact that the iron, when 
placed in a magnetic field, becomes a magnet by induction and makes 
its own contribution to the magnetic field. Another way of stating this 
is to say that the iron has a greater permeability than air or a vacuum and 
that the constant C of equation (12) differs from the value one inside 
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the iron. The magnetic field inside the iron differs from that in the same 
space when no iron is there by the effect produced by the alignment of 
the molecular-sized magnets in the iron. 



Fig 39 Photograph of pattern formed by iron filings when a piece 
of soft iron is placed between the opposite poles of two bar magnets 
which have their axes in the same straight line. 


13. Magnetic Fields Accompanying Currents 

The magnetic field around a wire carrying current can be explored 
and represented in the same way as magnetic fields around permanent 
magnets The magnetic field around a long straight wire carrying cur- 



Fio. 40. The magnetic 
field around a current in a 
straight wire is circular in 
a plane at right angles to 
the wire. 



Fig. 41. Lines of force used to represent the 
magnetic field around a straight wire when 
(a) the current is coming out of the paper and 
(b) the current is directed into the paper. 


rent is circular in planes perpendicular to the wire (see Figures 40 and 
41). The wire is the center of these circular lines of force. The direction 
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of each line at any point in the magnetic field is the direction in which 
the north pole of a small magnet would point if placed there. The re¬ 
lationship between the direction of the current in the wire and the 
direction of the magnetic field can be readily found by the following 
simple right-hand rule: Imagine the thumb of the right hand to point 
in the direction of the current ; the fingers of the right hand will then 
curve in the direction of the magnetic field. 

If the wire is bent in the form of a circle, the magnetic field due to 
the current in the wire is circular very close to each point of the wire 
(see Figure 42). At the center of the circular wire the magnetic field is 
perpendicular to the plane of the wire. The direction of this magnetic 
field can also be found with the aid of the right-hand rule: If the fingers 
of the right hand are imagined to curl in the direction of the current in 
the wire, then the thumb will point in the direction of the magnetic field 
at the center of the wire. 

If a coil of wire is wound in a cylindrical form with many turns of 
wire and if the length of the coil is large in comparison with its diameter, 
the magnetic field inside the coil is practically uniform except near the 
ends of the coil, as shown in Figure 43. A coil wound in this way is 



Fig. 42. Magnetic 
field produced by a 
current in a circular 
loop of wire; the 
magnetic field inside 
the loop is directed 
out of the paper 
toward the reader. 



Fig. 43. Magnetic field produced by a current in 

a long cylindrical coil of wire. 


called a solenoid. The magnetic field intensity H inside a solenoid is 
proportional to the current in the wire and to the number of turns per 
unit length of wire. Sending a current through a solenoid is a con¬ 
venient way of getting a uniform magnetic field. It will be noticed 
that the shape of the magnetic field outside the solenoid is similar to 
that outside a bar magnet (Figure 36). 

If an iron cylinder is placed inside a solenoid and current is sent 
through the wire of the solenoid, it will be found that the magnetic field 
is increased manyfold over the magnetic field that accompanied the 
same curreht in the solenoid when there was no magnetic material in- 
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side it (see Figure 44). This increase in the magnetic field is due to the 
magnetization of the iron by the magnetic field which accompanies the 
current. If H is the magnetic field strength inside the solenoid when 



Fig. 44. Magnetic field outside a long solenoid. 


there is no iron present and B is the magnetic field strength when ii on 
is present, we can represent the relationship between them by the 


equation 



(14) 


where P is called the permeability of the iron. The value of P depends 
upon how strong the magnetizing field II is and upon the nature of the 
magnetic material. For some samples of iron it may have a value of 
10 000 or more. In some special magnetic alloys which have been de¬ 
veloped in recent years, the value of P may be 100,000 or more for 
small values of the magnetizing field, but for most substances such as 
air, copper, water, P does not differ very much from one, so that in these 
cases B = Ii The unit used for expressing B is the gauss when II is 
expressed in oersteds. To distinguish B from II, B is usually called the 
magnetic induction and is represented by magnetic lines of induction just 
as the magnetic field II is represented by magnetic lines of force. A 
magnetic induction B = 3,000 gausses would be represented by 3,000 

lines of induction/cm 2 to some suitable scale. 

It will have been observed that the magnetic lines of force around 
a current are always closed curves. The magnetic lines of induction are 
also closed curves. In a vacuum and in nonmagnetic materials they are 
identical with the magnetic lines of force. In a magnetic material such 
as iron or steel the lines of force enter the material at one point, some¬ 
times designated as a south pole, continue through the substance, leave 
it at a north pole, and complete their paths in air or in a vacuum. 

An electromagnet is formed by winding wire around a piece of mag¬ 
netic material, usually soft iron. Electromagnets form essential parts of 
many electrical devices such as motors, generators, transformers, circuit 
breakers, magnetic hoists, and such scientific tools as cyclotrons, beta¬ 
trons, and mass spectrographs. A magnetic field of the desired shape, 
strength, and direction can be obtained by using iron of the proper shape 


* 
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and size which is magnetized by the magnetic field produced by the 
current in the coils around the iron. 

14. Force on a Current in a Magnetic Field 

Oersted discovered the magnetic effect of a current in a wire by 
observing the force experienced by a magnet placed in the neighborhood 
of the wire. According to Newton’s third law that every action is 


Fig. 45. Andr6 Marie Ampere (1775- 
1836). Following Oersted’s discovery, 
Ampere investigated the relationship be¬ 
tween currents and magnetic fields and 
expressed these results in mathematical 
form. (Courtesy of Culver Service.) 


accompanied by an equal reaction in the opposite direction, we should 
expect to find that the wire carrying the current would experience a force 
equal in magnitude to that which it exerts on the magnet but opposite 
in direction. Referring to Figure 46, we find that if the wire carrying 



Fig. 46. A wire carrying current, when placed in a mag¬ 
netic field experiences a force F whose direction is at right 
angles to both the magnetic field and to the current; in 
the case above, F is directed out of the paper. The reac¬ 
tion is an equal force F in the opposite direction on the 

A r -pole of the magnet. 

current I and the bar magnet NS are in the plane of the paper, then the 
force on the north pole of this magnet will be directed into the paper 
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away from the reader; the reaction on the current in the wire will be an 
equal force directed out of the paper. This force is due to the interaction 
between the current in the wire and the magnetic field of the magnet. 

Andr6 M. Ampere (1775-1830) investigated the action of magnetic 
fields on currents and formulated the results in mathematical terms. 
In the special case in which a wire carrying current I is placed in a 
magnetic field so that the length L of the wire in the field is perpendicular 
to the direction of the field, Ampere’s law takes the form 



where F is the force on the wire, B is the magnetic induction of the 
magnetic field in which the wire is placed, and K is a constant of pro¬ 
portionality which depends upon the system of units used. The constant 
K can be set equal to one by the proper choice of units. If the force F 
is measured in dynes, the magnetic induction B in gausses, and the 
length of wire L in centimeters, then K can be set equal to one by 
choosing a new unit of current, called the electromagnetic unit of current 

or the abampere. In this case, 



Thus a current of 1 abampere in a wire 1 cm long placed in a magnetic 
field of 1 gauss will experience a force of 1 dyne when the wire is per¬ 
pendicular to the field. One abampere is equivalent to 10 amperes; 
hence if the current I is measured in amperes, then the constant 
K = 1/10, and equation (15) becomes 

(17) 


The direction of the force F is at right angles to both the magnetic 
field and the current. If the wire is free to move, it will be accelerated 
in the direction of the force F. One convenient method for determining 
the direction of this force is to determine how the magnetic field due to 
the current / affects the magnetic field B in which it is placed. Ex¬ 
periment shows that the force F acts in such a direction as to force the 
• wire from the stronger to the weaker part of the combined fields. This 
effect is illustrated in Figure 47a, which shows a wire CD in a uniform 
magnetic field B directed toward the left. The magnetic field of the 
current in the wire is circular in a plane at right angles to it. If the plane 
of the paper is imagined to cut through the wire, and if the current is 
imagined as coming up through the paper, as shown in Figure 47b, its 
magnetic field will be circular in a counterclockwise direction with the 







204 E L E C T R I C P O W E R [ Ch. VII 

trace of the wire in the paper as the center of these circles. The magnetic 
field due to the current in the wire is in the same direction as the magnetic 
field B above the wire and therefore strengthens it, but is opposite to B 



Fig. 47. Force on a wire carrying current when placed in a uniform magnetic 
field at right angles to the current. The force F is at right angles to both the 

current / and the magnetic field B. 


below the wire and weakens it there; hence the wire will experience a 
force down in this figure, directed from the stronger to the weaker part 
of the resultant field. 

There are many practical devices whose operation depends upon 
the forces exerted on conductors carrying currents in magnetic fields. 
Among these are measuring instruments such as galvanometers, am¬ 
meters, and voltmeters, and electric power devices such as motors and 
generators. 

It will be recalled that an electric current is defined as the rate of 
flow of electric charges past any point, and that the direction of the 
current is the direction of motion of the positive charges and opposite 
to the direction of motion of the negative charges. When the flow of 
charges takes place in a magnetic field, these charges experience forces 
at right angles to their direction of motion and to the direction of the 
magnetic field. If these charges move inside a conductor, the force on 
them is transmitted to the conductor, and the subsequent behavior of 
the conductor can be determined from a knowledge of all the forces 
which act on it, including the force which the magnetic field exerts on' 
the current in it. If the current consists of the motion of charged parti¬ 
cles in a vacuum, the forces due to the magnetic field accelerate each 
particle and their motions can be determined with the aid of Newton's 
second law of motion. 

There are many practical as well as scientific devices whose operation 
depends upon the motion of charged particles in a vacuum. Among 
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these are radio tubes, X-ray tubes, television tubes, cyclotron chambers, 
betatron tubes, photoelectric tubes, and a host ol others. The chaiged 
particles may be electrons or they may be ions, that is, atoms oi gioups 
of atoms which have an excess of one type of charge, either positive or 

negative. 

If a charged particle is moving with velocity v, it will cover a 
distance L in time t given by 

L = vt. 


If the charge of the particle is q, it is equivalent to a current 




Combining these two equations, we get 

IL = qv. 

If the velocity v is perpendicular to the direction of the magnetic 
field (see Figure 48), the force F on each particle can be found trom 


Fio. 48. Force on a positively charged 
particle q which is moving with velocity 
v at right angles to the direction of the 
magnetic field B. The magnetic field 
is directed out of the paper and the 
force F is downward, at right angles to 

both B and v. 
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Ampere’s law by substituting qv for IL, getting 

F = Bqv. 



In a vacuum, 
strength H, so 


the magnetic induction B is equal to the magnetic field 
that the equation may be written as 


F = Ilqv. 



To find the motion of the charged particle due to the action of this 
force, we must apply Newton’s second law of motion, 

F = ma, 


in which m is the mass of the particle and a is its acceleration. Since the 
force on the particle is always perpendicular to both the magnetic field 
and the velocity v, the acceleration will always be at right angles to the 
velocity. The only type of motion which satisfies this condition is 
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uniform circular motion, see Chapter 11—10, 
given by 



in which the acceleration is 


where R is the radius of the circular path in which the particle will 
travel with velocity v. 

v 



I 1 jg. 4'.). C loud-chamber photograph of the paths of charged par¬ 
ticles traveling at right angles to the direction of a uniform magnetic 
field. I he magnetic field is directed into the paper and the particles 
originate from a source at the left. The three heavy tracks are those 
of protons, while the numerous light tracks curved in the opposite 
direction are those of electrons. (Photograph by II. R. Crane.) 


I lifting in the value of the acceleration in Newton’s second law, we 
get the familiar equation 



and since the force is due to the action of the magnetic field on the 
charged particle, we can put in for F its value from equation (19), 
getting 



(20) 
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from which 


for the radius of the circular path. 



( 21 ) 


Elastic fiber 


N 



iron 


15. Electric Measuring Instruments 

The force on a wire carrying current in a magnetic field is the 
basis for the design of a very common type of electrical measuring 
instrument. The basic instrument is known as a galvanometer, and with 
suitable modifications it can be con¬ 
verted into an ammeter or a volt¬ 
meter. This galvanometer consists 
of a permanent U-shaped magnet 
providing a fairly strong uniform 
magnetic field and a rectangular coil 
of fine wire suspended between the 
poles NS of the magnet by means of 
an elastic wire (see Figure 50). The 
sides of the rectangular coil are per¬ 
pendicular to the direction of the 
magnetic field. When a current is 
sent through the coil, its direction 
is up on one side and down on the 
other side of the rectangle. Each 
side therefore experiences a force 
F = BIL at right angles to the mag¬ 
netic field and to the current, but in 
opposite directions. The torque, or 
moment of these forces, causes the 
rectangular coil to rotate about the 

suspension wire as an axis. The 
angle of rotation will be determined by the elastic properties of the 

wire and by the moment of the forces produced by the action of 

the magnetic field on the current. In a well-designed instrument the 

angle of rotation is proportional to the current. 

To make the galvanometer very sensitive so as to be capable of 
measuring small currents, of the brder of a billionth of an ampere (10^ 
amp), the suspension is made of extremely fine gold wire and the coil is 
wound with many turns of very fine wire on a narrow rectangular frame 
so that the length L in the magnetic field will be large. The magnetic 
field B is increased by putting a soft iron cylinder between the poles of 
the permanent magnet and placing the rectangular coil around it. The 
angle of rotation of the coil is measured by viewing the motion of a 


Fig. 50. Essentials of a D’Arsonval 
type of galvanometer. In this case, the 
left side of the coil will be forced out of 
the paper and the right side will be 
forced into the paper; the coil rotating 
through a small angle about the elastic 
fiber as the axis. 
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beam of light reflected from a mirror attached to the suspension wire. 

For a more rugged portable t} r pe of galvanometer, the fine suspen¬ 
sion wire is replaced by a set of pivots which rotate in jeweled bearings 
and by a watch spring to provide the elastic force. A light metal pointer 



I'ig. 51. A D’Arsonval type of galvanometer of 
great sensitivity. The cover has been removed 
to show details of the construction. (Courtesy 
of Leeds and Northrop Company.) 


is attached to the coil and rotates with it over a scale attached to the 
face of the instrument. Instruments of this type require currents from 
about one millionth to one thousandth of an ampere (10 -6 to 10 -3 amp). 

I he portable type of galvanometer can be readily converted into 
either an ammeter or a voltmeter. For example, to make this instru¬ 
ment into an ammeter all that is necessary is to put a conductor of low 
resistance in parallel with the galvanometer coil so that the major frac- 
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tion of the total current measured will be shunted through this conductor. 
The smaller fraction of the current passes through the coil, causing it to 
rotate and move the pointer over a scale. This scale is then calibrated to 
read the total current through the instrument. This is essentially the 
design of a modern ammeter. The ammeter should always be connected 
directly in the line in which the current is to be measured. 

The same type of galvanometer can also be used to measure the 
difference in potential across any two points in a circuit. The deflection 
of the galvanometer coil is proportional to the current / flowing through 
it and this is always very small. The difference of potential or voltage 1 
across the galvanometer is, from Ohm’s law, 

V = IR, 


where R is the resistance of the galvanometer coil. If V is large, a high 
resistance must be built into the instrument to keep the current small. 
A galvanometer is thus converted into a voltmeter by connecting in 
series with the galvanometer coil, a coil of fine wire having a high re¬ 
sistance. The scale of the galvanometer is then calibrated in terms of the 
product IR so that it reads the voltage across its terminals. 

The power supplied to a circuit using direct current can be measured 
by placing an ammeter in the line and a voltmeter across its terminals. 
The product of the readings of the two instruments is the power, V X /, 
measured in joules per second or watts. By measuring the time during 
which power is supplied, the energy in joules delivered to the circuit 
can be computed. However, a more convenient instrument, known as 
the watt-hour meter, operating on the principle of the electric motor, 
is generally used for measuring the energy delivered to a circuit. 


16. Electromagnetic Induction 

One of the most important principles in physics, the principle upon 
which our modern power distribution system is based, was discovered 
in 1831 by Michael Faraday (1791-1867) in England and independently 
by Joseph Henry (1797-1878) in the United States. Faraday and Henry 
discovered that whenever a wire moves across the magnetic field of a 
magnet, an electric potential difference is generated between the ter¬ 
minals of the wire. This electric potential difference is usually referred 
to as the electromotive force induced in the wire. An electromotive force 
(e m f ) is also induced in a wire if the magnet is moved and the wire held 
stationary More generally, an electromotive force is induced whenever 
the magnetic field around a wire is changed. If the wire is part of a 
closed circuit, this induced electromotive force will give rise to a current 

in the circuit. . 

The principle of electromagnetic induction can be easily demon- 

strated by connecting a coil of wire to a galvanometer and moving a bar 
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magnet u ith respect to the coil, at tHe same time observing the deflection 
of the galvanometer needle. To make this experiment more definite, 
suppose f he V-pole of a bar magnet is thrust into side A of a coil (Figure 



Fio. 52. Joseph Henry (1797-1878). 
Discovered the electromagnetic tele¬ 
graph and the phenomenon of electro¬ 
magnetic induction. Secretary of the 
Smithsonian Institution from 1846- 
1878. (Courtesy of the Bettmann 

Archive.) 


53). It will be found that the galvanometer shows a deflection as long a 

te magnet is in motion. When the magnet is stationary there is n 
deflection of the galvanometer. If 


coil, the galvanometer will again 
show a deflection, but this time in 
the opposite direction,showing that 
the induced current and the in¬ 
duced electromotive force have 
been reversed by reversing the 
direction of motion of the magnetic 
field. A variation of this experi¬ 
ment is to hold the magnet sta¬ 
tionary and move the coil with 
respect to the magnet. When the 
coil is moved toward the W-pole of 
the magnet, the galvanometer will 
show a deflection in one direction, 
and when the coil is moved away 
from the magnet, the 
posite direction. 


now the magnet be taken out of the 



When the magnet is moved toward the 
coil, an electromotive force is induced in 
it, this electromotive force giving rise to a 

current in the coil. 


galvanometer will show a deflection in the op- 


As a result of many careful experiments in which the magnetic field 
around a coil was changed in a variety of ways, Faraday found that the 
electromotive force or voltage V induced in a coil is proportional to the 
rate at which the magnetic field in the coil is changing. One way of 
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representing this is iii terms of the change in the number of magnetic 
lines of force which are present at any instant inside the coil. If the 
number of magnetic lines of force inside the coil changes at the rate of 
one hundred million per second (10 s lines/sec), the voltage induced in 
each turn of wire in the coil is one volt. In general, if the number of 
lines of force in a coil changes from zero to N in a time /, the electro¬ 
motive force induced in each turn of wire in the coil is 



It will be remembered that the magnetic lines of force are con¬ 
tinuous; we may describe what happens to these lines of force when the 
north pole of a magnet is thrust into the center of the coil of Figure 53 
by imagining that the lines of force are cut as they pass the wire. Hence 
we sometimes find it convenient to say that whenever a wire cuts magnetic 
lines of force, there is an electromotive force induced in the wire. The 
magnitude of this induced electromotive force is proportional to the 
number of lines of force cut per second; again, if 10 8 lines of force are cut 
per second, the electromotive force induced in the wire is one volt. 

Whenever there is an electromotive force in a closed circuit it will 
give rise to a current in it. This represents an expenditure of energy in 
the coil, and from the principle of conservation of energy, we can con¬ 
clude that this energy must have come from the source which produced 
the electromotive force. In the particular experiment described above, 
the energy supplied to the coil must have come from the work done in 
moving the magnet with respect to the coil. Ihe induced current in the 
coil is accompanied by a magnetic field, and this magnetic field must 
exert a force on the magnet to oppose its motion with respect to the coil. 
Hence an external force must act on the magnet to move it with respect 
to the coil; it is the work done in moving the magnet against the force 
due to the interaction of the induced current and the magnet that is 
converted into electrical energy in the coil. In the coil shown in Figure 
53, the induced current will be in a counterclockwise direction as we 
face it when the north pole of the magnet is pushed toward that side, 
and the induced current will be in a clockwise direction when the north 

pole is moved away from the coil. 

The direction of the induced current can be determined in each 
case by an application of the principle of conservation of energy. H. F. 
Lenz (1804-1865) formulated a statement in 1834, before the principle 
of conservation of energy was developed, as a guide for determining the 
direction of the induced current. This statement, which has come to be 
known as Lenz's law , is that the induced current is in such a direction as 
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to oppose, by its magnetic action, whatever change produces the induced 
current. 

We shall find that Lenz s law provides us with a convenient way of 
finding the direction of the induced current in some of the applications 
of the phenomenon of electromagnetic induction. 


17. The Electromagnetic Generator 

An electromagnetic generator receives mechanical energy from some 
external source and by means of electromagnetic induction converts it 
into electrical energy. 1 he essential parts ot a generator are (1) an 


Field coils 


Armature coil 


Armature Fie | d coi , s 


Brushes 


W/ 


P rings 


External circuit 


Soft iron core / 

T ig. 54. Schematic diagram showing the essentials of an electromagnetic 
geneiator. The armature is rotated by some prime mover (not shown). 

electromagnet which produces the necessary magnetic field, (2) an arma¬ 
ture consisting ot many turns of wire wound on an iron core which is free 
to rotate in the magnetic field of the electromagnet, and (3) a device for 
leading the electric current continuously from the armature (see Figure 
o l). One such device consists of two copper rings mounted on the same 
axle as the armature and permanently connected to the two ends of the 
armature coil. These rings are insulated from the axle and from each 
other. ( urrent generated in the armature coil is led to the external 
circuit by means of two carbon brushes which are pressed against the 
rings. 1 hese rings are usually called slip rings. The second type con¬ 
sists essentially ot a single ring split in two, the segments being insulated 
from each other. The two ends of the armature coil are connected to 
these two segments. Such a device is called a commutator. If there are 
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several separate coils in the armature, the ring is further subdivided so 
that there are two diametrically opposite segments to which the ends 
of the coil are attached. Two carbon brushes, placed on opposite sides 
of the commutator, are used to lead the current from the armature to 
the external circuit. 

To understand the operation of the generator let us consider what 
happens when a single rectangular coil of wire rotates in a uniform 
magnetic field. The coil ABCD (Figure 55) is rotating uniformly about 
its axis in the uniform magnetic field produced by the electromagnet NS. 
In the position shown, wire AB is moving down and CD is moving up. 
After half of a turn, AB will be at the bottom and begin to move up 
while CD will be at the top and begin to move down. When the coil is 
horizontal the wires are cutting the lines of force at the greatest rate, 
and when the coil is vertical these wires are cutting no lines of force at 
all. The electromotive force induced in the coil will thus be a maximum 
when the coil is passing through the horizontal position and will be zero 
when it is going through the vertical position. 



Fig. 55. One coil of an armature 
rotating between the poles of an 
electromagnet. 



. Fig. 56. Alternating e.m.f. in¬ 
duced in the coil of an armature. 


As the coil goes through a complete revolution, it passes through 
the horizontal position twice, once with the wire AB going down on the 
left and once with the wire AB going up on the right. The direction of 
the induced electromotive force changes whenever the direction of the 
motion of the wire is reversed. The magnitude and direction of the 
induced e m.f. for the various positions of the coil can best be shown 
with the aid of a graph plotting the induced e.m.f. against the position 
of the coil in degrees, the initial vertical position being called zero de¬ 
grees (see Figure 56). In one revolution the induced e.m.f. is half the 
time in one direction and half the time in the opposite direction, i.e., 
the induced e.m.f. is an altei'nating one. 

If the two ends of the coil are connected externally through slip 
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rings, the external current will be an alternating one. Thus the slip¬ 
ring device is used on an alternating-current generator. But if the 
two ends of the coil are connected to the two opposite segments of a 
commutator as shown in Figure 57, then for every 180° of revolution, 

the ends of the coil exchange brushes so that 
the external current is always in one direction. 
Thus a commutator is used in the construction 
ol a direct-current generator. By employing 
many coils of wire in the armature and as 
many pairs of commutator segments as there 
are coils, the externally delivered current of a 
direct-current generator can be made quite 
steady. The coils are connected in series so that 
the voltage at the brush terminals is the sum 
of the voltages induced in the individual coils. 

An electromagnetic generator is simply a 
machine for converting mechanical energy into 
electrical energy through the process of electro¬ 
magnetic induction; it is not a source of energy. 
The mechanical energy must be supplied to it 
from some source of energy. This is usually 
accomplished by coupling the generator to a 
water turbine, or a steam engine, or an internal 
combustion engine. Most generators are run at constant speed and 
hence the D.C . voltage Fat its terminals is constant. When the generator 
is supplying a current / to the external circuit, the power it supplies is VI. 

1 he same current also flows through the coils of the armature. Accord¬ 
ing to Lenz s law, the effect of this induced current is to oppose the 
change that produced it, in this case, the rotation of the armature. Hence 
work has to be done to keep the armature rotating, and this work is 
done by the prime movers. When the external electrical load on the 
generator is increased so that it supplies a greater current, the prime 
movers must do more work to supply this additional energy. 


Fig. 57. A commutator, 
in the form of a split ring, 
used to convert the alter¬ 
nating current generated 
in the coil into direct 
current supplied to the 
brushes I* and Q, for de¬ 
livery to the external 
circuit. 


18. Transmitting Power 

I he essential problem in modern power is to take the energy from 
the source, such as the energy developed by a water turbine or a steam 
engine, and transform it into easily consumable form for transmission 
to the point of consumption. Electricity now becomes the important 
link in the power chain. The point of consumption of power may be 
far removed from the electric generating station and will have to be 
connected to it by perhaps hundreds of miles of wire. Even the best 
metallic conductors, such as copper, silver, and aluminum, have some 
electrical resistance, and this resistance increases with the increase in 
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Fig. ">S. A direct current generator driven by a Diesel engine :it a speed of 
827 R.P.M. It is rated at *200 kilowatts at 2">0 volts. Note the commutator 
of many segments and the brushes in contact with the commutator, (Courtesy 

of the General Fleet tic Company.) 


nanto room in Thomas A. Edison’s historic Pearl Street 
evv York, placed in operation September •!, 1882. Engrav- 
inal six Edison “Jumbo” dynamos. (Courtesy of Consoli¬ 
dated Edison Co. of N. Y., Inc.) 
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length of the transmission line. Furthermore, whenever current flows 
through a wire having resistance, heat is developed at a rate proportional 
to the square of the current. This heat just flows out of the sides of the 



Fiu. 60. Thomas Alva Edison (1817-1931). 

Scientist and inventor. Discovered thermionic 
emission of a hot filament. Among his many in¬ 
ventions arc quadruplex telegraphy, the carbon 
filament lamp, the phonograph and the motion 
Picture machine. (Courtesy of the Consolidated 

Edison Co. of N. Y., Inc.) 

wire into the atmosphere and represents a considerable loss of energy. 

1 he power that is transmitted by an electric circuit is 

power = VI 

where 1 is the voltage at the generator end and / is the current trans¬ 
mitted. If the same power could be transmitted at 100 times this volt¬ 
age, then the current in this transmission line would be 1/100 of the above 
value and the energy lost in heat would be reduced to 1/10,000 of the 
original value. This would make transmission over long distances 
economical. Engineers, however, have not found it economical to 
construct electromagnetic generators capable of generating electricity 
at very high voltages. Evidently what is needed is some device equiva¬ 
lent to the levers and pulleys used in the transmission of mechanical 
power. Such a device, known as the transformer , was invented in France 
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in 1882 by Lucien Gaulard and improved and given its modern form by 
an American engineer, William Stanley, in 1884. The transformer, 
however, operates only on alternating current ; hence long-distance 
transmission lines are now supplied with power from alternating-current 
generators. 



Fig. 61. A modem electric generating station. The Waterside station in New 
York. (Courtesy of the Consolidated Edison Company of New York, Inc.) 


19. The Transformer 

A transformer has three essential parts: a core of soft iron in the 
shape of a ring or a rectangular frame, and two coils of wire wound on 
the core and electrically insulated from each other and from the core 
(see Figure 64). There are no moving parts in the transformer. Elec¬ 
trical power in the form of alternating current is supplied to one coil P 
called the primary coil and practically the same amount of electrical 
power is taken from the other coil S, called the secondary coil. Modern 
transformers have an efficiency of 98% or better; hence to a very close 
approximation we can say that the electrical power input is equal to 
the electrical power output or 

(23) 

where V p is the voltage across the primary coil and I p is the current in 
the primary coil; and V « is the voltage across the secondary coil and I, 
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Pig. 62. System operator’s room from which the flow of electric energy is 
directed from the generating stations to all parts of the territory served by the 
system. (Courtesy of the Consolidated Edison Company of New York, Inc.) 



h». b«C Schematic diagram of modern steam-operated electric generating sta- 
tion. Coal fed into bunker A, pulverized in B, and blown to burner C where it 
is mixed with air and burned. Water is boiled in D, the steam collects in the 
drum L and then superheated to 950° F at a pressure of 1600 lb/in. 2 It is then 
led through the pipe F to the turbine G which drives an electric generator; the 
low pressure exhaust steam H, at a pressure of 200 lb/in. 2 , is then fed to low 
pressure turbines which drive other electric generators J; the exhaust K from 
these generators is condensed and fed back to the boiler through the pump L. 
Steam can also be fed to other places for heating purposes through the pipe A', 
both from the low pressure boilers M and from the exhaust of the high pressure 
turbine H. (After diagram in “Serving New York”; courtesy of the Consol¬ 
idated Edison Company of New York, Inc.) 
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is the current in the secondary coil. The power is transferred from the 
primary coil to the secondary coil through the interaction of the mag¬ 
netic field in the iron core with the primary and secondary coils. If the 
number of turns of wire in the primary coil is n p and the number of turns 
of wire in the secondary coil is n„ 

then the ratio of the voltages at these | ^ r *^ | 

two coils will be equal to the ratio of r--] ] I 

the number of turns of these coils, or A.C.© CTk P StTI 



(24) 


M 


A transformer that is used as a - 

“step-up” transformer has a larger 3 o 

number of turns of wire in its sec- p3 

ondary coil than in the primary coil, _^ ® 

while one designed to be used as a v - - 

“step-down” transformer has fewer (b) 

turns of wire on the secondary coil. Fla M (a) An iron core transformer, 

When alternating current is sent (b) Convential diagram in which the 

into the primary coil, it sets up an parallel lines between the coils P and S 

represent the presence of an iron core. 

alternating magnetic held which is 

confined almost completely to the iron core because of the high per¬ 
meability of the iron. The alternations of the magnetic field take place 
both in the iron inside the secondary coil and in the iron inside the 
primary coil. According to Faraday’s law of electromagnetic induction, 
an electromotive force is induced in each turn of wire of each coil; hence 
the ratio of the total electromotive force induced in the secondary coil 
to that induced in the primary coil is the same as the ratio of the number 
of turns in the respective coils. The induced electromotive force in the 
primary coil is practically equal to the voltage V p impressed across it by 
the external source of power; hence the voltage V, at the terminals of 
the secondary coil will be greater than V Pt the voltage supplied to the 
primary. Since the power supplied to the primary coil is equal to that 
taken from the secondary coil, then according to equation (23) the ratio 
of the currents in the secondary and primary coils will be in the inverse 
ratio of the respective voltages, that is, 


If electric power is generated with an alternating-current generator 
at a medium voltage, say 1,000 volts, then by means of a transformer 
this voltage can be stepped up to a high value, say 100,000 volts. The 
power will now be transmitted at this higher voltage, and the current 
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will be correspondingly smaller; in this case, only 1/100 of the current 
delivered by the generator. 


20. The Transmission Line 

A quantity of electricity that starts from the generator does not 
travel very far; it stays in the primary circuit of the transformer and the 
generator. In its motion through the transformer, it initiates a flow of 



Fig. G5. A modem step-up transformer. (Courtesy of 

the General Electric Company.) 

charges in the secondary circuit. This secondary circuit constitutes the 
transmission line of the power system and consists of wires strung up 
on high steel poles by means of well-insulated blocks. 

From the foregoing discussion it should be evident that the highest 
possible voltage should be used for the electric transmission line. But 
here a new problem presents itself. All insulators, including gases such 
as air, are made up of small particles which are themselves made up ol 
positive and negative charges. These particles will be subjected to 
stresses due to their presence in the electric field created by a large 
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potential difference. These stresses tend to separate the negative from 
the positive charges, and when the electric field becomes big enough, 
they will be sufficient actually to produce the separation of the negative 
and positive charges, thus causing a “breakdown” in the insulators. 
This means that the substances which were good insulators at lower 
voltages become conductors at the higher voltages because of the 
presence of free positive and negative charges. Thus the insulation 
problem presents one upper limit to the voltage that can be put on a 
transmission line. For example, if the potential difference between a 
transmission line and the ground is so great as to cause a partial break¬ 
down of the air between them, there will be a flow of electricity directly 
from the transmission line into the ground. This represents a loss of 
energy which may become serious enough to outweigh the advantages 
of using high voltage. Modern transmission uses voltages up to 220,000 
volts with great success. The creation of such lines has stimulated 
extensive and valuable studies on insulation problems and also on the 
properties of lightning discharges, which present constant danger to 
power lines. 

21. Electric Power to the Consumer 

Although high voltage is needed for economical power transmission, 
safety requires low voltages for normal consumption purposes. There¬ 
fore when the electric power has been transported to a distant point, 
it must be reconverted to a safe working voltage. This reconversion is 
accomplished by means of a “step-down” transformer, which merely 
reverses the effect produced by the “step-up” transformer at the power 
house. The stepping down of the voltage may take place in one or more 
stages. For example, at the city limits the 220,000 volts may be stepped 
down to 13,000 volts for economical and safe transmission through the 
city proper, and then further stepped down to 220 volts before connect¬ 
ing it to the consumer’s power line. This is usually subdivided by means 
of a three-wire transmission line, into two 110-volt circuits with one wire 
common, for use in homes. One should look at the meter to learn whether 
the power supplied consists of alternating current (A.C.) or direct cur¬ 
rent (D.C.). While electric light bulbs and some toasters and electric 
irons will work equally well on A.C. or D.C., this is generally not the case 
with radios, washing machines, clocks, and other devices which employ 

electric motors in their operation. 

The commonest consumers of electric energy are heating and light¬ 
ing devices and motor-operated devices. The persons operating these 
devices pay for the energy consumed. Since energy is power X time, 
the cost is reckoned in terms of the number of kilowatt-hours consumed. 
For example, electric toasters are essentially heating devices constructed 
of metallic ribbons capable of getting red hot without burning up in the 
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air. They are commonly rated at about one kilowatt at 110 volts. If 
such a toaster is used for 10 hours during the month, the amount of 
energy consumed is 10 kilowatt-hours. The wires of heating devices are 
composed of alloys which, when first heated by the passage of electric 
current through them, form tough oxide coatings which adhere to the 
metal, preventing further oxidation of the interior of the metal. Nickel 
chromium alloys are commonly used for such purposes. 

The common electric light bulb consists of a very fine coiled tung¬ 
sten wire suspended from insulated metallic supports inside a glass bulb 
containing a chemically inactive gas such as argon or nitrogen. The 
current passing through the filament heats it white hot by raising its 
temperature to about 2,600° C. The gas surrounding the filament does 
not combine with the tungsten chemically and, furthermore, prevents 
the evaporation of the tungsten from the filament, thus lengthening the 
life of the filament. Ihe electrical resistance of tungsten increases with 
the temperature, and at 2,600° C it is about ten times greater than at 
room temperature. 

Most electric light bulbs are rated in terms of the voltage to be 

applied and the power consumed under operating conditions. Thus a 

110-volt, 60-watt lamp is one which should be operated on a 110-volt 

circuit, and when its temperature is raised to white heat it will consume 

60 watts of electric power. This power does not remain in the lamp but 

is radiated to the outside. Not more than 4% of the power goes into 

visible radiation, the remainder going into invisible radiation or heat 
radiation. 

The current supplied to the lamp can easily be computed using 
the results derived previously. Thus in the above case, since 

power = voltage X current, 
we have 60 watts = 110 volts X /, 


or 



60 

yy^ amp = .55 amp. 


Ihe resistance of the filament when hot can be determined from Ohm’s 
law, 



110 volts 
.55 amp 


= 200 ohms. 


At any given operating voltage, the greater the power consumption 
(wattage) of the lamp used, the greater will be the current supplied and 
hence the smaller its resistance. 


22. The Electric Motor 

4 he electric motor is an extremely important device which enables 
the consumer to convert electric power into the mechanical power 
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necessary to perform the thousand and one operations which are in¬ 
volved in our present technical civilization. The design of the electric 
motor is essentially the same as that of the generator; it consists of an 



Fig. 66 . Schematic diagram showing the essentials of a D.C. electric 

motor. 


electromagnet, an armature, and either a slip ring for an A.C. motor or 
a commutator for a D.C. motor. Let us consider a typical small D.C. 
motor such as that shown schematically in Figure 66. Current supplied 
from an external source to the brushes goes through the commutator 
to the coils in the armature and also to the coils around the iron of the 
electromagnet. The latter are sometimes referred to as the field coils. 
The field coils may be connected either in parallel or in series with the 
armature coils. In Figure 66 they are connected in parallel, a common 

practice with small motors. 

The current in the field coils sets up a strong magnetic field between 
the faces of the electromagnet in the direction shown in Figure 66, and 
this magnetic field exerts a force on the current in the wires of the 
armature, in accord with Ampere’s law. The force on the wires near the 
north magnetic pole face is downward, and the force on the wires near 
the south magnetic pole face is upward, since the current in these wires 
is in the opposite direction. The two forces produce a torque which 
causes the armature to rotate on the axle mounted in bearings. Me¬ 
chanical power can now be taken from the motor by coupling the axle 
either by means of a belt and pulleys or by means of gears, or any other 
suitable device, and delivered to the desired machine. 
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As soon as the armature starts rotating, it behaves just like the 
armature of a generator. The same machine may be used either as 
a motor or as a generator. When the armature is rotating in the 
magnetic field of the electromagnet, an electromotive force is induced in 
the coils of the armature. The magnitude of this induced electromotive 
force is proportional to the rate at which the wires cut the magnetic lines 
of force and hence to the speed of the armature. The direction of the 
induced electromotive force is, from Lenz’s law, opposite to the voltage 
impressed across the terminals of the coil from the external source of 
electric power. The induced electromotive force is sometimes called a 
counter electromotive force. It is the work done by the motor against this 
counter electromotive force that is transformed into mechanical work. 
Ihe rest of the energy that is supplied to the motor is converted into 
heat, because of the resistance in the field coils and armature coils, and 
because of induced currents set up in the iron of the armature as it 
rotates in the magnetic field. The latter are reduced as much as possible 
by building the core of the armature out of thin sheets of iron, called 
laminations , insulating these laminations and then pressing them to¬ 
gether. Such a core is called a laminated iron core. Modern motors have 
efficiencies as high as 95%; the term efficiency used here is the ratio of 
the mechanical power output to the electrical power input. 


23. The Consumer’s Electric Network 

d here are literally millions of electrical devices connected to the 
output of a large modern power station. In order to keep track of the 
varying needs of the consumers as well as to supply emergency power 
when power fails in some localities because of storms or other unforeseen 
conditions, regular electric traffic engineers are necessary. They route 
electric power from various power centers to various points of con¬ 
sumption as and when needed. Wherever possible, control is made 
automatic. As in many other phases of modem industry, remote control 
devices, such as automatic switches and circuit breakers, have become 
an essential part of the modern power pattern. Giant hydroelectric 
power plants have been hooked up with steam-engine-operated power 
plants to supplement each other in emergencies. Thus a tremendous 
chain of events is started merely by pushing a button to turn on the 
lights or by turning the switch of the family radio. 

QUESTIONS AND EXERCISES 

1. Name three different types of prime movers and give the source of the 
energy utilized by each one. 

2. Account for the difference between a conductor and an insulator in terms 
of the fundamental structure of matter. 
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3. Describe a method for determining whether a given body is charged 
eleetricallj', and if it is, how to find the kind of charge it has. 

4. Two small bodies, each charged electrically with the same amount of 
charge, repel each other with a force of 6,400 dynes when placed 20 cm apart. 
Determine the charge on each body in stat-coulombs. 

5. A small sphere carrying a charge of 15 stat-coulombs is placed at a dis¬ 
tance of 25 cm from another charge of —75 stat-coulombs. Determine the 
force they exert on each other. 

6. A small sphere has a negative charge of one millionth of a coulomb. 
Determine the excess number of electrons on this sphere. 

7. A positive charge of 8 stat-coulombs is placed in an electric field and 
experiences a force of 96 dynes. Determine the intensity of the electric field. 
Represent this field graphically. 

8. A charge of —50 stat-coulombs is placed in an electric field whose in¬ 
tensity at that point is 300 dynes/stat-coulomb. What is the magnitude and 
direction of the force experienced by this charge? 

9. A capacitor consists of two flat parallel plates separated a distance of 
2 cm. The plates have equal and opposite charges which produce a uniform 
electric field between them of 5 dynes/stat-coulomb. (a) What force will a small 
body having a charge of 12 stat-coulombs experience when placed in this field? 
(b) How much work, in ergs, will be done by the electric field in moving this 
charge from one plate to the other? 

10. A gold-leaf electroscope is charged positively and the angle of diver¬ 
gence of the leaves is 30°. Describe what will happen if (a) a positively charged 
body is brought near the electroscope and (b) a negatively charged body is 
brought near it. 

11. Show how a positively charged body A can be used to charge a con¬ 
ductor B by induction (a) so that B has a negative charge, (b) so that B has a 
positive charge. Another conductor C may be used if needed. 

12. It is found that 300 joules of work are needed to transfer 2 coulombs of 
charge from point A to point B. What is the difference of potential between 

A and B? 

13. The potential difference between the two terminals of a battery is 6 
volts. How much work is done in transferring 50 coulombs of charge between 

these terminals? 

14. Determine the current in a wire if one hour is required to transfer 
108,000 coulombs through it. 

16. Determine the quantity of charge transferred through a wire if a 

current of 8 amperes is maintained for 5 minutes. 

16. An electric heater takes 7 amperes at a difference of potential of 120 
volts, (a) How much power is supplied to it? (b) How much energy does it 
receive in 5 minutes of operation? 

17. An electric toaster operates at 120 volts, receiving energy at the rate 
of 1,000 watts, (a) What is the current in the wires of the toaster? (b) How 

much energy does it consume in 2 minutes? 

18. A tungsten filament lamp is rated at 200 watts, 120 volts, (a) How 
much energy does it consume in 8 hours of operation? (b) What is the cost of 
operating this lamp for one month, 4 hrs/day, at 3 cents a kilowatt-hour? 
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19. One coil of wire of an electric stove receives 1,000 watts at 120 volts. 
How long will it take to heat 500 gm of water from 20° C to the boiling point, 
assuming that the heater is 60% efficient? 

20. Determine the electrical resistance of a 75-watt, 110-volt filament lamp 
when it is hot. 

21. Three coils of wire having resistances of 8 ohms, 12 ohms, and 20 ohms, 
respectively, are connected in series across a 120-volt line. Determine (a) the 
effective resistance of this combination, (b) the current in the coils, and (c) the 
voltage across each coil. 

22. A variable resistance is connected in series with a lamp which is rated 
at 200 watts, 120 volts to control its brightness. The voltage across the com¬ 
bination is 120 volts. Determine the current in the circuit when the resistance 
is set at 15 ohms. 

23. Two resistance coils, one of 30 ohms and the other of 20 ohms, are con¬ 
nected in parallel across a 120-volt line. Determine (a) the effective resistance 
of the combination, and (b) the current supplied to each coil. 

24. A 6-volt automobile storage battery supplies current to two head lamps 
in parallel. Each lamp takes 5 amperes. What is the effective resistance of this 
combination? 

25. A radio taking 125 watts and a lamp rated at 300 watts are operated in 
one room from a 120-volt line. Determine (a) the effective resistance of the 
combination, and (b) the current supplied to this line. 

26. A fuse rated at 15 amperes is put in a house circuit supplied with electric 
power at 120 volts. A 660-watt electric iron, a 100-watt lamp, and a 1,000-watt 
electric broiler are being operated simultaneously. Will it be safe to turn on 
the radio, which normally takes 125 watts? 

27. Two long steel needles are magnetized to the same pole strength. If 
these needles are placed in line with their north poles 5 cm apart, the force be¬ 
tween them is 2,500 dynes. Determine the strength of each pole. 

28. The north pole of a long thin magnet having a pole strength of 8 unit 
poles experiences a force of 400 dynes when placed in the magnetic field of a coil 
of wire carrying current. Determine the intensity of the magnetic field at this 
point. 

29. The magnetic field intensity inside a long solenoid carrying a current of 
10 amperes is H = 15 oersteds. Iron, of permeability P = 600, in the form of 
a cylinder of the same length as the solenoid and the same cross-sectional area 
as the inside of the solenoid, is placed in it. The current in the solenoid is main¬ 
tained at 10 amperes. Determine the magnetic induction B in the iron. 

30. A wire 15 cm long, carrying 8 amperes, is placed in a magnetic field 
directed at right angles to the wire. The magnetic induction of this magnetic 
field is B — 1,200 gausses. Determine the force on the wire. In what direction 
is this force? 

31. The electrons in a vacuum tube are moving with a speed of 2 X 10 9 
cm/sec at right angles to a weak uniform magnetic field of intensity H = 3 
oersteds. The charge of the electron is 1.6 X 10 -19 coulomb, and its mass is 
9 X 10 -28 gm. Determine (a) the force on the electron and (b) the radius of its 
circular path. 

32. A closely wound coil of wire contains 200 turns; its ends are con- 
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nected to a galvanometer. The coil is placed between the poles of an electro¬ 
magnet; when the current is turned on, the magnetic field between the poles of 
the magnet rises to a value B = 8,000 gausses in 0.05 second. The plane of the 
coil is perpendicular to the direction of the field and its area is 80 cm 2 . De¬ 
termine the average value of the electromotive force induced in the coil. 

33. The maximum rate at which the conductors on the armature of a small 
generator cut the lines of force of the magnetic field is 2 X 10 9 lines per sec. 
Determine the maximum electromotive force induced in each conductor. 

34. The linear speed of the conductors on the armature of a small generator 
is 1,800 cm/sec. The strength of the magnetic field between the poles of the 
magnet is 8,000 gausses. The length of each conductor is 15 cm. Determine 
the maximum electromotive force induced in each conductor. 

35. A step-up transformer has 25 turns in the primary coil and 2,500 turns 
in the secondary coil. The primary is supplied with alternating current at an 
effective voltage of 120 volts. What is the effective voltage at the terminals of 

the secondary coil? . 

36. The central power station transmits electricity through a city at 

13,200 volts. A transformer is used to step down this voltage to 220 volts to 
supply power to the houses in a given area. What is the ratio of the number of 
turns on the primary to that of the secondary in this transformer? 

37 An electric motor is operated from a 220-volt line and delivers 2 H.P. 
to some machines coupled to it. (1 H.P. = 746 watts.) If the efficiency of this 

motor is 80%, how much electrical power is supplied to it? 

38 A voltmeter is connected to the terminals of a motor which is supplied 
with electric power at 120 volts from the house supply. When the load is dis¬ 
connected from the motor and the power is shut off, the motor continues to run 
for a short time. What will the voltmeter indicate during this time? 
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Sources of Radiant Energy 


1. Introduction 

Life on the earth depends upon the radiant energy which is re¬ 
ceived from the sun. Some of it is utilized directly by the plants in the 
process known as photosynthesis in which the energy of the radiation 
aids in producing chemical changes essential to the life and growth of 
the plant. This ultimately provides us with most of our food, clothing, 
and shelter. Some of the radiation is utilized directly by animals and 
man to form a chemical known as vitamin D, which is essential to health. 
Some of this radiant energy makes it possible tor us to see things; the 
particular type of radiant energy to which the eye is sensitive is called 
visible radiation or simply light. An object becomes visible because it 
sends light to us, either by scattering light from some source such as the 
sun or by itself emitting the light. Our familiarity with and knowledge 
of the external world depend to a very great extent upon our ability to see 

things and to interpret our observations. 

Man must adapt himself to wide varieties ot illumination, from 

bright sunlight to dim interiors. Very early in his development, man 
utilized fire not only for warmth but also for illumination, helping to 
banish fear, increasing the length of his working time, and making indoor 


life more comfortable. . . e . , 

The subject of illumination has been receiving very careful study 

during the past half century because of its importance to our health, 
comfort, safety, and efficiency. A great deal of our work is now done 
indoors, where even in the daytime we do not receive sufficient illumina¬ 
tion from sunlight. Furthermore, different types o work require differ¬ 
ent amounts and types of illumination. The amount of illumination that 
is adequate for reading may be totally inadequate for fine machine work 
requiring great precision. Nighttime, of course, presents different prob¬ 
lems of illumination, not only for home and factories but for the out¬ 
doors as well. Proper illumination of streets and highways is a matter 
of safety as well as one of comfort and convenience. 

In addition to these general problems of illumination there are more 
limited but nonetheless important problems such as the proper illumi¬ 
nation for microscopes, for motion-picture projectors, for photography, 
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and for television; the proper light for the inspection of the quality of 
manufactured articles; and the use of light for its therapeutic value. 

2. Types of Light Sources 

Illumination is one field of science which has been spurred to re¬ 
newed activity by the demands of industry and the public to help solve 


INFRARED 

Heating 

Drying 


-S E E I N G-- ULTRA VIOLET Theoret icol 

_——Luminous Efficiency--^^^ .Decoration. Suntan Germicidal Efficiency 

i cal Precision-Control-Adoptobilily^Tolor • Contour^ Photo Chemical-Fluorescent Q r 

4 in* 1 - if® 1 


T KM 
SLA*0**C*T 


LAMP* 


inxcrai samu lamps nuwxon lumiuw 


BLACA 

UCMT 


Liqht 


fliers 


m 


r>OM a ri* ywru uCpKI vx»tas or uynu appixatiop uwyrrru'C 
ItMAACH HA) OOLLCrtO TX TWXOAnD) Of LAMP) THAT TX r»l» 

UMIOMG tlOWttMUCT) or TX UCOUM MOBLD A1C MAAI fOt BOTUI UV1«C 


*VAT «a»l 

P<TV»C 5KOO 


KCAW 

55LPW 


SSI 


1 


m 


lL 


«XOO HAT 


m 


;o] 


r ACnTID 


\ 

shut 

W0U)T1I AL 

( 

• 663 

$ 

\ 

I65JCA..CX.C jji 

1627 r«C ton / 

MATCH ^ 

xj 

C4M m MCTALUXtO YCV 
UMWHM4IWT lyi , 

1779 cas ^3 

jfW) 

UuiAOtl nuMinr' 

600 OIL LAMP nr 

M U<M«I 

AOOAO MCTAL^^ 

3000ac stohc 

lamp r* 

u uwt IW 

moHt ntff mean 


0] 


lO] 


0 


/ 




Fig. 1. Chart showing the development of different types of light sources. (Courtesy 

of the General Electric Company.) 


the many problems created by our modern civilization. There has been 
a steady development from the simple candle and kerosene lamp still 
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widely used throughout this country, through the gas lamp and. the 
Welsbach mantle, the Edison carbon filament electric bulb, the 
modern gas-filled tungsten filament lamp, down to the modern fluorescent 
lamp. The development of electric power stations made possible many 
new developments in the art and science of illumination. 

The greatest single development after the invention of the carbon 
filament lamp by Edison came in the art of making tungsten wire. 
Tungsten was then substituted for carbon in the electric lamp so that it 
could be operated at very high temperatures to produce intense sources 
of light. In the early lamps the filaments were heated in a vacuum, but 
the modern lamps contain an inert gas such as argon. The presence of 
this gas helps prevent the evaporation of the filament so that it can be 

heated to a much higher temperature. • 

Other sources of light were also being developed during this period. 
The carbon arc, long a dependable source of very intense light, was 
steadily improved. The fluorescent lamp, which makes use of the light 
emitted by a gas at low pressure when an electric current is sent through 
it, has been developed into a very efficient lamp of many uses. The 
mercury arc lamp, the low-pressure and the high-pressure types, has 
been developed as an efficient source of light, particularly for photo¬ 
graphic and for therapeutic purposes. 

In this section we shall discuss the methods of operation and the 
characteristics of various types of sources of light, the methods used foi 
analyzing the light, the results obtained from such investigations con¬ 
cerning the nature of light, and some of the practical uses to which this 
information is put in the design and use of optical instruments. 

3. Radiation from Incandescent Bodies 

The most important sources of illumination are bodies at high 
temperatures. Such bodies are said to be incandescent. The sun, for 
example, is an incandescent body whose surface temperature is about 
0 000° C. The radiant energy it emits is characteristic of this tem¬ 
perature. Since our eyes are adapted to sunlight, one of the aims in 
developing sources of illumination is to try to duplicate the qualities of 
sunlight The first approach to this goal is, of course, to raise bodies to 
higher and higher temperatures. The hottest light source in use, the 
carbon arc, can be operated at about 4,000° C under good conditions. 
' But most incandescent lamps are operated at lower temperatures, 

usually about 2,600° C. 
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MAGNIFIED 1 ^ TIMES 


Fig. 2. Midget Grain of Wheat lamp — the smallest lamp made. Photograph 
shows its size relative to that of a standard flashlight lamp. The Midget Grain 
of Wheat lamp takes 0.13 ampere at 1.5 volts. (Courtesy of the General Electric 

Company.) 



Fig. 3. The largest lamp made is a 50,000 watt tungsten 
filament lamp. (Courtesy of the General Electric Company.) 
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To observe the effect of temperature on the quality of the light 
emitted, we can study the radiation from an iron wire which is heated 
by means of an electric current. If we start with a small current in the 
wire, it will get warm and radiate energy. It may not get hot enough to 
emit visible radiation, but the fact that energy is radiated from the wire 
can be felt by anyone near it. When this radiant energy falls on any 
surface, some of it is absorbed and converted into heat. If the current 
through the wire is increased, the wire will become hotter and glow with 
a reddish color; some of the radiation emitted by the hot wire is now in 
the visible range. As more current is sent through the wire it will get 
still hotter and its color will undergo a series of changes from red to 
orange to yellow and may even approach a yellowish white. This ex¬ 
periment cannot be continued to higher temperatures, first, because the 
iron oxidizes rapidly at these temperatures, and second, because the 
wire will melt when the temperature reaches about 1,530 C. ^lo attain 
■ higher temperatures and avoid oxidation, it is necessary to choose a 
conductor with a high melting point and to enclose it in an oxygen-fiee 
atmosphere to prevent its oxidation. 



Fio 4 Modern method of illumination. There are two 40-watt daylight 
fluorescent lamps in each closed-end reflector. The average illumination is 80 
foot-candles. (Courtesy of the General Electric Company.) 


The first commercially successful electric lamp, that invented by 
Edison, consisted of a thin filament of carbon mounted in a glass bulb 
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from which the air had been evacuated. An electric current sent through 
this filament raised its temperature to about 1,800° C and made it in¬ 
candescent. A very small fraction of the energy supplied to the filament 
was emitted in the form of a visible radiation. The electric lamp under¬ 
went steady development and today is usually made of coiled tungsten 
wire placed in a glass bulb containing the inert gas argon and raised to a 
temperature of about 3,000° C by a current through the wire. The 
argon serves another purpose, that of preventing too rapid evaporation 
of the tungsten filament. The blackened area that can be seen on most 
old electric light lamps is produced by a deposit of metallic tungsten 
which had evaporated from the hot filament and had condensed on the 
glass. 


Fig. 5. Modern ideas in the illumination of a school room. Slimline lamps are 
used with no reflector other than white ceiling. The light comes through 
louvers fashioned in the form of oval cells. (Courtesy of the General Electric 

Company.) 

Electric lamps are usually rated in terms of the voltage at which 
they are to be operated and the power supplied to them at this voltage. 
Since most homes are equipped with a 110-volt supply, the most common 
lamps are labeled 110 volts with the appropriate power designation such 
as 25 watts, 40 watts, 100 watts, and so on. We have already men¬ 
tioned, and we shall discuss in more detail later, that not all of the 
radiation from a source is visible radiation. Hence a lamp to be used for 
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illumination would be rated in a more useful manner in terms of a unit 
devised especially for luminous radiation. One such unit is known as 
the lumen. A lumen is a unit of power; it represents the rate at which 
luminous radiation is emitted from a particular source. In order to 
determine the number of lumens emitted by any source it is necessary 
to compare it with some standard source whose intensity is known. 
Originally a special type of candle was used as a standard, but in 1940 
the Bureau of Standards adopted as a standard a specially designed 
source which, when maintained at the temperature of melting platinum, 
has an intensity of 60 candle power per square centimeter of surface. 
By definition, a candle power is equal to 4 tt lumens. 

The luminous efficiency of a lamp is usually rated in lumens per 
watt. For example, a 25-watt, gas-filled tungsten lamp has an efficiency 
of about 10 lumens per watt, a 100-watt lamp of this type has an efficiency 
of about 16 lumens per watt, and a 1,000-watt lamp has an efficiency of 
about 21 lumens per watt. 


4. Measurement of Light Intensity 

For a proper understanding of the nature of the different types of 
light sources and the different uses to which they can be put, it is essential 
to be able to measure their characteristics. It is undoubtedly obvious 
by this time that progress in science depends to a very great extent upon 
our ability to make measurements of quantities under discussion and 
our ability to express the results of such measurements in useful and 
significant ways. In the case of light and radiant energy generally, two 
types of measurement that can generally be made are (1) the intensity 
of the light and (2) the quality or composition of the light. 

The measurement of the intensity of light is called photometry . 
One type of measurement is simply a visual judgment which compares 
the brightness of a surface illuminated by a source with the brightness of 
the same surface illuminated by a standard source. The usual procedure 
is to adjust the distances of the sources so that they produce equal 

illumination on the surface. ^ 

The intensity of the source ( • J 

to be tested can then be ' ' 


calculated. 

A simple type of pho¬ 
tometer in which a visual 
judgment is depended upon 
to determine the intensity Fig. 6. Grease-spot photometer. 

of a light source is shown in . , _ 

Figure 6 A source of light of intensity h sends light to one side of a 

white screen S, and a standard source of light of intensity I 2 sends light 

to the other side of S. The screen S may be a sheet of white paper having 
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a rough surface so that light will be scattered from each surface in all 
directions. A grease spot G is put in the center of the paper S. Most of 
the light which strikes one side is scattered by the rough white opaque 
surface; most of the light that strikes the grease spot is transmitted to 
the other side. Hence when either side of the screen S is viewed, the 
eye receives light from both sources. The screen S is moved between 
the two sources of light until the brightness of the grease spot is the 
same as the surrounding opaque surface. The grease spot will then 
merge with the rest of the paper and be indistinguishable from it, no 
matter which side of the paper is viewed. We can then say that the 
amount of light reaching a unit area of the screen S from each lamp is 
the same. 

If the size of the source of light is small in comparison with its dis¬ 
tance from the screen S, the amount of light which reaches a unit area 
of the screen is directly proportional to the intensity of the source and 
inversely proportional to the square of its distance from the screen. 
Since the two sources now send the same amount of light to unit area 
of the screen, we can therefore write 

( 1 ) 

where d x is the distance of the light of intensity /1 from the screen and 

d 2 is the distance of the light of intensity h 
from the same screen. If I 2 is the intensity of 
a standard source of light, the intensity h of 
any other source can be readily determined. 

There are other photometers which are 
based upon some electrical effect produced by 
the action of light. Such effects are generally 
called photoelectric effects. In the surface photo¬ 
electric effect , for example, light incident upon 
a suitable substance causes the ejection ot 
8 electrons from its surface. One of the common 




Fig. 7. When light wa Y s of utilizing this photoelectric effect is 

strikes the cathode C of illustrated in Figure 7. The light-sensitive 

a photoelectric cell, elec- material, such as cesium, is placed on a semi- 

attracted to the anode cylindrical surface C inside a glass tube, a 

A. The current in the wire A parallel to the axis of the cylinder goes 


circuit is proportional to through the center of the tube, called a photo- 
t e intensit Yo^t e irui electric tube. Some photoelectric tubes contain 

high vacuums; others have small amounts of 
some inert gas to increase their sensitivities. Suppose that the tube 


shown is a high-vacuum tube. When light from some source is incident 
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on tlie photoelectric surface C, electrons are ejected from the surface. 
If a battery B is connected so that its positive terminal is attached to 
the wire A and.its negative terminal is attached to a galvanometer G 
and the other end of the galvanometer is connected to C, electrons will 
be pushed around the circuit by the battery so that they go in the direc¬ 
tion from C to A . The current measured by the galvanometer is propor¬ 
tional to the number of electrons flowing in the circuit. Careful investi¬ 
gations of the photoelectric effect show that the number of electrons 
ejected from the surface is proportional to the intensity of the light 
incident upon the surface. Hence the current in this photoelectric circuit, 
registered by the galvanometer, is a measure of the intensity of the 

light incident upon the surface C. 

Another type of photoelectric effect is the photovoltaic effect. A 

photovoltaic tube consists of two different metals, say iron and selenium, 
in a protective casing. The selenium is deposited 
as a thin film on the iron plate. This film is suffi¬ 
ciently thin so that some light can pass through 
it to the sheet of iron. When light is incident 
upon the cell, the selenium becomes negatively 
charged and the iron becomes positively charged, 
thus effectively constituting a battery. If a galva¬ 
nometer is connected to these two surfaces as 
shown in Figure 8, a current will flow ; no outside 
battery is required. Within wide limits, the current 
in this circuit is proportional to the intensity of 
the incident light. 

When these photoelectric and photovoltaic 
cells are used in the photometery of visual light, 
certain precautions must be used because the 
response of a cell to light is different from that 
of the eye. Filters have been developed particu¬ 
larly for the photovoltaic cell which will make it 
respond in a way very similar to that of the normal 
eye. Many photographic exposure meters are of 
the photovoltaic type. The galvanometer scale, 
instead of being calibrated in terms of the current 
in the circuit, is calibrated in terms of the ex¬ 
posure time for a given lens aperture for the particular type of photo¬ 
graphic film used. 

Photoelectric cells of various types are used in a great many scientific 
and industrial processes. Although the current in a photoelectric 
circuit is small, it can be used to operate a sensitive relay and to control 
large amounts of power, or the photoelectric effect may be amplified by 
means of suitable circuits. For example, the number of cars crossing 



Fig. 8 . Photovoltaic 
cell. The thin sele¬ 
nium film is actually 
deposited on the iron 
plate. When light 
shines on this cell, it 
acts as a battery. The 
current in the circuit, 
as measured by the 
galvanometer G, is pro¬ 
portional to the inten¬ 
sity of the light. 


I 
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a bridge can be counted by a counter operated by a relay set in operation 
every time an automobile passes between the source of light and the 
photoelectric cell. Doors can be made to open whenever a person 
approaching the door interrupts a beam of light. Photoelectric tubes 
are used in circuits for the reproduction of sound from so-called “sound 
tracks” on films. They are also used in the control of industrial proc¬ 
esses wherein a variation of the intensity of light indicates a change in 
the quality or quantity of a product. 

5. Composition of Light 

Before proceeding with a discussion of the sources of light, it will 
be worth while to see how the light from any source may be analyzed 
and its composition determined. This will give us a better insight into 

the modes of operation of different types of 
light sources and the reasons for their use. 
The simplest instrument for analyzing light 
is a triangular prism of glass or other trans¬ 
parent substance. When a narrow beam 
of light from a source such as an electric 
lamp is sent through the prism as shown in 
Figure 9, the light which comes out of the 
prism is found to be spread out into a band 
of colors. This band of colors is called a 
spectrum, and the prism is said to disperse 
the light to form this spectrum. Newton (166G) was probably the first 
one to use this method for analyzing light; he showed that sunlight 
consists ot a series of colors ranging continuously from red through 
orange, yellow, green, blue, and violet. Similar spectra are obtained 
irom the white light ot other incandescent bodies. 

If, instead of using a prism made of glass, some other transparent 
material such as quartz or rock salt is used, we still get the same kind of 
spectrum when a beam of white light is sent through the prism, al¬ 
though the angular width of the emergent beam may not be the same. 

A triangular transparent prism may be put inside a container arranged 
so that light can pass through a narrow slit before entering the prism 
and then be viewed by means of a telescope after emerging from the 
prism; the complete instrument formed in this way is called a spectro¬ 
scope (see Figures 10 and 11). A scale may be added so that the various 
colors may be assigned numbers. In some spectroscopes these numbers 
are perfectly arbitrary; in others the numbers give the wave lengths of 
the particular colors found at these positions. 

6. Nature of Light 

The problem of the nature of light has occupied physicists for at 


A 



Fig. 9. The dispersion of a 
narrow beam of white light 
into a spectrum by a glass 
prism. 
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persed into its component colors by the triangular 
prism. Each color is focused separately by the tele¬ 
scope; an image of a scale, from a side tube, is focused 
by the telescope at the same position as the spectrum so 
that numbers may be assigned to the various colors. 



Fig. 11. 


A spectroscope set up for use in a laboratory. (Courtesy of Bausch & 

Lomb Optical Company.) 
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least three centuries. Two general views have been prevalent con¬ 
cerning it; one, favored by Newton, is that light consists of a stream of 
small particles moving with very great speed; the other, put forth by 



Fig. 12. Christian Huygens ( 1629- 
1695) Mathematician, astronomer 
and physicist. Constructed first pen¬ 
dulum clock, made improvements in 
the telescope and investigated the 
propagation of light through differ¬ 
ent media. He expounded the view 
that light is propagated as a wave 
motion. (Courtesy of Scripla Mathe- 

m alien.) 


Fia. 13. Thomas Young (1773- 
1829). Physician, mathematician, 
and physicist. Made important c< n- 
tri buttons to mechanics and optics. 
His experiments on the interference 
°f light helped establish the wave 
theory of light. (Courtesy of the 
Bettmann Archive.) 



Huygens, a contemporary of Newton, is that light is a wave motion. 
Up to the beginning of the nineteenth century most scientists favored 
Newton’s theory. Newton was able to explain all the light phenomena 
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known in his day by endowing the particles with special properties to 
suit the particular phenomena. While the wave theory had some 
adherents at all times, it first came into its own in the nineteenth century, 
principally because of the work of Thomas Young (1773-1829) and 
Augustin Fresnel (1788-1827) in producing and explaining the phe¬ 
nomena of interference and diffraction. One of Newton’s objections to 
the wave theory of light was that light apparently did not bend around 
obstacles as water waves and sound waves do. Young and Fresnel 
showed that light does bend around obstacles, but that this effect is 
normally masked because the wave length of light is very small, about 
one fift\’-thousandth (0.00002) of an inch or 0.00005 cm. 


Fig. 14. Augustin Fresnel ( 1788- 
1827). His experiments on interfer¬ 
ence and diffraction definitely estab¬ 
lished the wave theory of light. 
(Courtesy of Scripta Mathematical.) 



7. A Digression: The Characteristics of Waves 

It will be worth while at this point to indicate some of the general 
characteristics of waves so that we may be able to decide whether a given 
phenomenon is a wave motion or a motion of particles. A wave mo¬ 
tion is one method of transmitting energy from one region of space to 
another. Probably the simplest kind of wave motion which can be 
readily visualized is a surface water wave such as is produced by dropping 
a pebble into still water. So-called ripples or surface waves travel out 
in all directions from the point at which the pebble entered the water. 
These ripples appear as a series of circular crests separated by a series 
of circular troughs as shown in Figure 15. The wave motion of this 
surface water wave consists of the succession of crests and troughs 
traveling outward from the center of disturbance. The speed of the wave 
is the speed with which any crest or trough travels outward. 
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There are several technical terms used to describe the characteristics 
of any wave motion. We shall define some of these with reference to 
water waves and then extend their use to other waves, and in particular 
to light waves. For example, all points on the top of any crest are said 
to be in the same phase. Similarly, all points at the bottom of any 
trough are said to be in the same phase. All points which have the same 
relative positions and motions are said to be in the same phase. The 
crest of the wave is sometimes called a wave front; a wave front is a line 
or sui-face, depending upon the nature of the wave motion, connecting 
contiguous points in the same phase. 



Fig. 15. (a) Ripples on the surface of water traveling outward from the center 

of disturbance, (b) The circles represent the crests of the ripples traveling out- 

ward from the center S. 


The wave fronts travel out radially from the center of disturbance. 
Lines can be drawn radially from the center of disturbance to represent 
the direction in which the wave travels (see Figure 15a). We shall call 
such lines rays. It is obvious that the wave fronts are perpendicular to 
the rays. 

The distance between two successive crests is called a wave length. 
Similarly, the distance between two successive troughs is a wave length. 
Perhaps the simplest representation of a wave can be obtained by 
imagining a plane taken perpendicular to the surface of the water and 
passing through the center of the circles. The appearance of the waves 
in this plane would then be similar to that shown in Figure 10, where 
A, B, C, D are crests of the waves and E, F, G, H are the troughs. A 
wave length is the distance between any two successive crests, such as 
AB, BC, and so on, or between any two successive troughs, such as EF, 
FG, and so on. The wave length will be represented by the letter L. 

If we focus our attention at any one point on the surface of the 
water, we will observe a series of crests and troughs pass this point. 
The number of waves which pass this point in a unit time interval, say 
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one second, is called the frequency of the wave motion and will be 
denoted by the letter /. The speed of the wave is the distance that any 


Direction of motion of wave 



part of the wave travels in a unit time interval. If / waves pass a point 
in a unit time and the length of each wave is L, the distance traversed 
by any part of the wave in unit time is simply fL ; hence 


V =fL 



where V is the speed of the wave. 

Although the wave travels outward on the surface of the water, 
the particles of the water do not travel outward with the wave. The 
particles of water perform small oscillations both vertically and hori¬ 
zontally about some average position as the wave passes this position. 
In spite of the fact that the particles do not move away from the center 
of disturbance, energy is carried outward by the wave. As the wave 
spreads out, the energy is distributed over a larger area, and the ampli¬ 
tude of the wave, that is, the maximum height of the crest , decreases as its 
distance from the source increases. Ultimately these waves will die 
out after all the energy has been transferred to other objects or trans¬ 
formed into other forms of energy such as internal energy of the water. 
These waves can be sustained by continually dropping pebbles into the 
water or by agitating the water in some other way. 

Our discussion so far has been confined to surface water waves 
because most people have seen them and also because they can be 
visualized readily. But waves can be set up in many different sub¬ 
stances and in a variety of ways. For example, waves can be set up in 
a taut string by bowing or plucking it. The wave moves along the 
string while the particles of the string move up and down; that is, the 
particles vibrate at right angles to the length of the string while the 
wave moves along the length of the string. A wave such as that in a 
taut string is called a transverse wave since the direction of vibration of 
the particles in the string is at right angles to the direction in which the 
wave travels. 

One of the most common types of wave motion is a sound wave in 
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air. It is usually produced by the vibrations of an object such as a 
string, a tuning fork, a diaphragm, or the vocal cords of a human being 
or animal. A sound wave in air is a longitudinal wave and consists of a 
succession of compressions and rarefactions traveling through the air, 
that is, a succession of regions of increased air pressure and diminished 
air pressure, traveling outward from the source of sound. 

The fact that a sound wave in air is a longitudinal wave can be 
shown by considering the manner in which such a wave may be pro¬ 
duced. Suppose that the sound wave is produced by a vibrating tuning 
fork, a vibrating stick, or a vibrating diaphragm. Figure 17 shows a 


V 



Fig. 17. Production of a longitudinal wave in air by the 
vibratory motion of a diaphragm. A compression is produced 
by the motion of the diaphragm to the right and a rarefaction 
is produced by its motion to the left. The compressions and 
rarefactions move forward with speed V', which is the speed of 
the wave. The distance between two consecutive compressions, 
or two consecutive rarefactions is the wave length L. 

small section of a vibrating fork moving to the right. As this moves to 
the right, it compresses the air next to it; the increase in pressure in this 
layer of air produces a compression in the next layer of air, which then 
compresses the layer of air next to it; in this way a compression, or 
region of increased pressure, travels out from the vibrating fork. While 
the compression is moving out to the right, the end of the fork starts 
moving back to the left, leaving a rarefaction or region of reduced pres¬ 
sure on its right. Because of this reduced pressure, the layer of air 
nearest the stick starts moving back, producing a rarefaction to its right; 
the next layer of air starts moving back, producing a rarefaction to the 
right of it. In this way a rarefaction travels out from the vibrating 
fork. The succession of compressions and rarefactions traveling out 
from the vibrating tuning fork constitutes the longitudinal wave in the 
air. The layers of air vibrate back and forth with the same frequency 
as the tuning fork. In the regions of compression the layers of air move 
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in the direction of the wave, while in the rarefaction the layers of air 
move in the opposite direction. Thus in a longitudinal wave the particles 
vibrate parallel to the direction of propagation of the wave. 

A single wave consists of a compression followed by a rarefaction. 
The same type of graphical representation can be used for a sound wave 
as for a surface water wave or for any other type of wave as shown in 
Figure 18. In this figure the change in pressure from normal atmospheric 



Fig. 18. Graphical representation of a longi¬ 
tudinal wave. 

pressure is plotted along the vertical axis, and the position where this 
pressure difference exists is plotted along the horizontal axis. The 
section of the curve below the axis represents the rarefaction, while the 
section above the axis represents the compression. The speed V of a 
sound wave is also given by 

V = fL 

where / is its frequency and L its wave length. As we have mentioned 
before, the speed of sound in air is 1,087 ft/sec at 0° C and standard 
atmospheric pressure. Hence a high-frequency sound has a short wave 
length, while a sound of low frequency has a long wave length. 

8. Interference and Diffraction — The Criteria for Wave Motion 

A wave motion is one method of transmitting energy from one 
region to another. The other method is through some type of particle 
which carries the energy with it as it travels from the source to the 
receiver. In many cases, since the particles may be invisible, it is not 
obvious whether we are dealing with a wave motion or a motion of 
particles. There are, however, two criteria for determining, or dis¬ 
tinguishing between, a wave motion and a motion of particles. These 
criteria involve the production of interference and diffraction phenomena. 
If these two types of phenomena can be produced, then we are certain 
that we are dealing with a wave motion. 
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Interference is produced whenever two sets of waves travel through 
the same region. The phenomenon of interference can be illustrated 
easily by two sets of surface waves produced in water by dropping two 
pebbles simultaneously some distance from each other into still water. 
Circular ripples will travel out from each center of disturbance and over¬ 
lap each other, as shown in Figure 19. The full lines represent the crests 



Si and S 2 . Points C represent crests of increased height, 
points T represent troughs of greater depths, while points 
A' represent points at which the crests and troughs from 
the two sources neutralize each other so that the level of 

the water does not change. 

of the waves and the dotted lines represent the troughs of the waves. 
It will be observed that wherever two crests meet, at points marked C, 
for example, the amplitude of the wave will be increased, producing 
higher crests. Similarly, the amplitude will be increased wherever two 
troughs meet, producing deeper troughs as at points marked T. But 
wherever a crest meets a trough, the two waves will neutralize each 
other and the level of the water will not change; such points are marked 
N. The effect of the interference of these two waves is therefore to 
produce in certain regions much greater amplitudes than that produced 
by one wave and produce zero or very small amplitudes in other regions. 

A brief way of describing the interference of two waves is to say 
that wherever two waves meet in phase , they reinforce each other, and 
that wherever they meet out of phase by half a wave length, they neu¬ 
tralize each other. These effects may be represented graphically as 
shown in Figure 20. Waves a and b are in phase on reaching the point 
under consideration, and their combined effect is shown by wave c, 
which has twice the amplitude of either a or b. Waves d and e are out 
of phase by half a wave length on reaching the point in question; they 
neutralize each other. This is shown by the straight line /. 
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If we consider two sources of sound of the same wave length in¬ 
stead of two centers of disturbance in water, interference will produce 
certain regions of greatly increased intensity and other regions of zero 
intensity or silence. In the case of light, as we shall see, interference 
from two sources produces regions of increased intensity and regions of 
darkness. 



Fig. 20. Graphical representation of the interference of 
waves. When waves (a) and (b) from two sources are in 
phase, their sum (c) is a wave of increased amplitude. When 
waves from two sources are out of phase by half a wave length 
as in (d) and (e) and have the same amplitude, their resultant 

(f) is zero. 



Fig. 21. Diffraction of a wave through a narrow aperture. 
The aperture A acts as though it were the new source of 
the waves proceeding outward from it. 
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The phenomenon of diffraction may also be illustrated with a 
surface water wave. Suppose that circular waves which come from 
some source meet a wall or other surface which has a small aperture in it. 
The part of the wave which strikes the solid wall will be reflected from 
it, but that portion of the wave which reaches the aperture A will go 
through (see Figure 21). However, instead of going straight through in 
the same direction in which it was traveling, the wave spreads out from 
this aperture as though the aperture itself were the source of the wave. 
If the aperture .4 is fairly small, it will be the center of a new set of 
circular wave fronts. Thus in the region behind the wall where we 
would normally expect no energy at all, we find energy being propagated. 
This phenomenon is known as diffraction. The same phenomenon, 
diffraction, accounts for the bending of a wave around the edge of an 
obstacle. In the case of a sound wave, this means that the sound wave 
bends around corners. 

Whenever we can produce interference and diffraction effects, we 
can be sure that we are dealing with a wave motion. 


9. Light as a Wave Motion 

It has already been remarked that Young and Fresnel succeeded in 
producing interference and diffraction effects with light, thus definitely 
establishing the fact that light is propagated as a wave motion. 

One experiment performed 
by Young consisted in letting 
light from a source S pass through 
two narrow slits <Si and S 2 and 
then strike a distant screen P . 
The two slits Si and S 2 act as 
sources of light and send out 
waves which, in the plane of the 
paper, are circular. (Compare 
Figure 22 with Figure 19.) The 
interference between the waves 
from these two sources makes 
the illumination of the screen P 
nonuniform; there will be a series 
of bright and dark lines as shown 
in the photograph, Figure 23. The 
bright lines represent positions 
where the waves from the two 
sources meet in phase, and the 
dark regions represent positions 
where the light from the two 



Fig. 22. Interference of light from two 
sources. The center O of the pattern on 
the screen is bright, the regions D are dark, 
and the regions B are bright. 


sources 


meet out of phase by half a wave length. It is a comparatively 
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simple matter to determine the wave length of the light from a meas¬ 
urement of the distance between the bright lines on the screen and the 
distance of the screen from the source. 



Fig. 23. Photograph of the interference pattern produced by the passage of 
light from a high-pressure mercury arc through two slits which are close together. 
No lens was used; the light was allowed to fall directb r on the photographic 

plate. (Courtesy of the Central Scientific Company.) 


Fresnel performed one of the most remarkable experiments to show 
that light bends around obstacles. He placed a small source of light in 
front of a circular disk so that it cast a circular shadow on a screen a 
short distance from it as shown in Figure 24. In the center of this 
shadow was a bright spot. The only way that light could get to this 
spot was to bend around the periphery of the disk. The fact that there 




Shadow 

Bright 

spot 

Shadow 



Fig. 24. Diffraction produced by the pas¬ 
sage of light past a circular disk. 


Fig. 25. Light from all points on the 
rim of the disk meet in phase at O, the 
center of the region of shadow. 


was a bright spot in the center of the shadow, and in the center only, 
could easily be explained on the wave theory. This explanation de¬ 
pends upon the fact that all points on the periphery of the disk are 
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equidistant from the center of the shadow. All the waves which come 
from this periphery will travel equal distances to get to the center of the 
shadow and will be in phase. If we imagine a wave of light to be repre¬ 
sented by a series of crests and 
troughs similar in appearance 
to a water wave (see Figure 
25), then whenever the crest of 
a wave from one point reaches 
the center, the waves from all 
other points on this circular 
periphery will also reach the 
center as crests. Similarly, 
whenever the trough of one 
wave from a point on the peri¬ 
phery reaches the center, waves 
from all the other points will 
reach the center as troughs. In 
Fresnel’s experiment, the cen¬ 
ter of the shadow is the only 
point where all waves from the 
periphery of the disk meet in 
phase and hence is the only 
point where the waves will re¬ 
inforce one another and pro¬ 
duce a bright spot. This phenomenon, in which light extends into the 
region of shadow, is called diffraction. As we have seen, the phenome¬ 
non of diffraction can be explained only on the basis of a wave theory; 
hence light must be propagated as a wave motion. 

10. Light as a Transverse Wave 

The phenomena of interference and diffraction show that light is 
propagated as a wave motion but they do not show whether light is a 
longitudinal wave or a transverse wave. As we 
have seen, in a longitudinal wave the direction 
of vibration is parallel to the direction of propa¬ 
gation of the wave, while in a transverse wave 
the direction of vibration is perpendicular to the 
direction of propagation. There are many ways 
of showing that light is a transverse wave. In a 
transverse wave all the vibrations are in a plane 
at right angles to the direction of motion of the 
wave (see Figure 27). It should be possible to 
find a way to select only one direction of vibra¬ 
tion out of a beam of light and suppress all vibrations at right angles to 



Fig. 27. The vibra¬ 
tions of a transverse 
wave are in a plane at 
right angles to the di¬ 
rection of motion of 
the wave. 



Fig. 26. Photograph of the shadow of a hall 
bearing supported on a rod. Note the dif¬ 
fraction pattern around the rod and hall bear¬ 
ing and the bright spot in the center of the 
shadow of the ball bearing. (Reprinted by 
permission from Principles of Physics III 
by F. W. Scare, Addison-Wesley Press, Inc.) 
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this direction. Certain crystals such as tourmaline and herapathite, the 
latter used in making the earliest form of Polaroid film, will transmit 
light which vibrates in one direction only and absorb the vibrations at 
right angles to this direction. 

If a beam of ordinary light is sent through a crystal of tourmaline, 
the transmitted beam will have its vibrations all in one direction. This 
beam is said to be linearly polarized. The direction of vibration is 
parallel to the axis of the crystal. The eye, however, is not able to 
detect the difference between polarized light and ordinary light. But if 
this polarized light is allowed to fall on a second piece of tourmaline set 
so that its axis is at right angles to the first one (see Figure 28), the light 
will not be transmitted through it. If the second crystal is now rotated 
through 90° about the incident beam as an axis until the two crystal 
axes are parallel, the linearly polarized beam will be transmitted through 
the second crystal. 

The same type of experiment can be performed with two Polaroid 
films. When ordinary light is incident on the first Polaroid film, only 
those vibrations parallel to the axes of the small crystals in the film will 
be transmitted. If the second Polaroid film is held so that the axes of its 
crystals are parallel to those of the first film, the polarized light will be 
transmitted through it. If this second Polaroid film is turned through 90° 
so that the axes of its crystals are at right angles to those of the first film, 
the polarized light transmitted by the first one will not be able to 
penetrate the second one, but will be absorbed by it (see Figure 29). 

From these and other experiments on the polarization of light it 
can be concluded that light is propagated as a transverse wave motion. 

11. Electromagnetic Theory of Light 

The phenomena of interference, diffraction, and polarization show 
that light is propagated as a transverse wave, but they do not tell us the 
nature of this wave motion. There have been several theories concern¬ 
ing the nature of light waves. The present accepted theory is that 
light is propagated as an electromagnetic wave. This theory was first 
formulated in 1864 by James Clerk Maxwell (1831-1879) as a result of 
his investigations in electricity and magnetism. From this work on 
electricity and magnetism Maxwell predicted the possibility of pro¬ 
ducing electromagnetic waves which should travel through empty space 
with the speed of light, known to be 186,000 miles per second or 3 X 10 10 
centimeters per second. Using this result as a basis, Maxwell formulated 
the electromagnetic theory of light. Maxwell’s electromagnetic theory 
was confirmed experimentally in 1887 by Heinrich Hertz (1857-1894), 
when he produced electromagnetic waves by setting up a high-frequency 
alternating current in a simple circuit containing a capacitor, an in¬ 
ductance, and a spark gap. The work of Maxwell and Hertz laid the 
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Fig. 28. Polarization by 
absorption in a crystal. 

(a) Linearly polarized 
light which comes through 
the first crystal (the polar¬ 
izer) is transmitted by the 
second crystal (the ana¬ 
lyzer) when the axes of the 
two crystals are parallel. 

(b) The linearly polarized 
light is absorbed by the 
analyzer when the latter 
is turned through 90°, 
that is, when the axes of 
the two crystals are per¬ 
pendicular to each other. 



(b) 



Fig. 29. Photograph showing the action of two Polaroid films on light. The 
axes of the crystals in one film are at right angles to those in the second film. 
No light can pass through the region where the two films overlap. (Courtesy 

of the Polaroid Corporation.) 
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foundations for the development of wireless telegraphy and radio com¬ 
munication as well as the electromagnetic theory of light. Radio waves 
are of the same nature as light waves. Radio waves, however, have 
much longer wave lengths than the visible electromagnetic waves known 

as light. 

We have previously discussed the steady electric fields which sur¬ 
round stationary electric charges, and we have also discussed steady 
magnetic fields which accompany direct currents. An electromagnetic 
wave consists of periodically varying electric and magnetic fields which 
travel together through space with the speed of light. These electric 
and magnetic fields have their origins in the accelerated motions of 
electric charges in the source of light, such as the electrons in an in¬ 
candescent solid or the electrons in the atoms of a gas which is emitting 
light. Since light is a transverse wave motion, the directions of the 
electric and magnetic fields must be at right angles to the direction of 
the motion of the wave. To simplify the discussion let us confine our 
attention to the simplest type of an electromagnetic wave; that is, a 
linearly polarized, monochromatic wave. This type of wave consists of 
a single wave length L and frequency/in which the electric field is in one 
direction, say the vertical direction, and the wave is traveling hori¬ 
zontally toward the right. Figure 30a shows the values of the intensity 
of the electric field at any one instant along a line in the direction of 
motion. If we imagine a small positive electric charge anywhere on this 
line, this electric charge will experience a force which is proportional 
to the height of the vector representing the electric field at that point 
and in the same direction as this vector. The direction of the polariza¬ 
tion of the light is the direction of vibration of this electric field, in this 
case, the vertical or ^-direction. The magnetic field which always 
accompanies the electric field is shown in Figure 30b for the same 
instant of time. It is also at right angles to the direction of motion 
and is also always at right angles to the direction of the electric field. 
In the figure, the magnetic field is represented in the horizontal plane, 
in the Z-direction. If we imagine a small north magnetic pole placed 
anywhere along the line of motion, it will experience a force in the 
direction of the vector drawn at that point, and the magnitude of the 
force will be proportional to the length of the vector. The length L of 
the wave is the distance between two successive crests or two successive 
troughs on either diagram. 

The electric field and the magnetic field of an electromagnetic 
wave vary periodically in time as well as in space. If we imagine a small 
electric charge situated at any point in space, it will experience a force 
due to the electric field at this point. This force will vary periodically in 
time as shown in Figure 30c; the magnitude and direction of the force 
at successive instants of time are indicated by the vectors drawn per- 
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pendicular to the time axis. Similarly, if we imagine a small north 
magnetic pole placed at that point in space it will experience a force 
due to the magnetic field; this force will vary in magnitude and direction 




Fig. 30. Graphical representation of a linearly polarized monochromatic 
electromagnetic wave, (a) Instantaneous values of the intensity of the 
electric field at various points in space in the direction of motion. The electric 
field is always at right angles, in this case in the y-direetion, to the direction of 
motion, (b) Instantaneous values of the intensity of the magnetic field at the 
same points in space as in (a). The magnetic field is always at right angles to 
the electric field and in time phase with it. (c) Variations in the intensity of 
the electric field at a point in space as a function of the time, (d) Variations in 
the intensity of the magnetic field at the same point in space as in (c) as a 

function of the time. 


as time proceeds as indicated by the vector drawn in the horizontal 
plane perpendicular to the time axis (see Figure 30d). The electric and 
magnetic fields are always in phase in time, that is, whenever the electric 
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field intensity is a maximum, the magnetic field intensity is also a maxi¬ 
mum; when the electric field reverses direction, the magnetic field also 
reverses direction. 

We have already seen that the spectrum of white light consists of a 
large number of different colors. Instead of talking about the colors of 
the spectrum, the physicist prefers to talk about the wave lengths cor¬ 
responding to each color. For example, the shortest wave length to 
which the normal human eye can respond is about 3.8 X 10 -5 cm; this 
is the deep violet region of the spectrum. The longest wave length is at 
the other end of the spectrum in the deep red and is about 7.6 X 10~ 5 cm 
long. The normal eye is most sensitive to the green region of the spec¬ 
trum at a wave length of 5.5 X 10~ 6 cm. The radio waves, which, of 
course, are not visible, have wave lengths from about one centimeter 
for the short radio wave to several thousand meters for the very long 
radio waves (see Figure 31). In between the longest visible waves and 

Wave length in cm (logarithmic scole) 
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Fig 31. The complete electromagnetic spectrum. Because of the wide range 
in wave lengths, the latter have been drawn to a logarithmic scale, i.e., uniform 
increases in distance in the figure represent changes in wave length by fac¬ 
tors of ten. 

the shortest radio waves are the infrared waves. These waves are not 
visible but they can be detected by some specially treated photographic 
plates, and more generally by the heating effect they produce when they 
are absorbed by any substance. The principal sources of infrared waves 
are bodies at high temperatures. They always accompany the emission 
of visible rays by incandescent bodies. The radiation emitted by warm 
substances at temperatures below 550° C is invisible and consists of the 
infrared waves only. It is for this reason that they are sometimes 

referred to as heat rays. 

Other electromagnetic waves invisible to the normal eye are shorter 
in wave length than the shortest visible radiation. These are called 
ultraviolet waves or ultraviolet rays; their wave lengths extend below 
3 8 X 10 -5 cm down to about 10 -7 cm. Waves shorter than the ultra- 
violet are known as X rays and gamma rays. Thus the complete electro¬ 
magnetic spectrum covers an extremely wide range of wave lengths, from 
the gamma rays, which may be as small as 10~ 10 cm, to the long radio 
waves, which may be 10 6 cm long. Only an extremely small region of 
this spectrum is visible. 
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The electromagnetic character of light leads us to expect two 
things: in its interaction with matter, light should produce electrical 
effects; and the origin of light should ultimately be traced to the electric 
charges in the substance emitting the light. The photoelectric and 
photovoltaic effects are examples of the electrical effects produced by 
light; we shall discuss these effects again in a later section. The fact 
that light must have its origin in the electrical charges in substances 
should make it possible to produce different types of light which depend 
upon the nature of the substance. Not only should this give us special 



Fig. 32. Lightning strikes the Empire State Building; photograph taken 
with a revolving-lens camera shows that it consists of a series of separate strokes. 

(Courtesy of the General Electric Company.) 


types of light for special purposes of illumination, but an analysis of the 
light should yield valuable information concerning the structure of the 
atom and of aggregates of atoms such as molecules and crystals. 
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12. Colored Lights from Gases 

Gases under normal conditions of temperature and pressure are 
very good insulators. When subjected to a very high voltage, however, 
a gas may lose its insulating properties and become a conductor of 
electricity. An example of this is the occasional breakdown which occurs 
in the neighborhood of a high-voltage transmission line when the air 
around it becomes a conductor. Another example is the lightning dis¬ 
charge; in this case the air between a highly charged cloud and the earth 
becomes conducting under the influence of the large difference of po¬ 
tential between them. A very large current is conducted in a fairly 
narrow path for a very short time. One of the results of the passage of 
this current is the emission of light by the air. Photographs of lightning 
strokes taken with a revolving camera show that a lightning stroke 
consists of a series of electrical discharges, sometimes as many as ten, 
along the same conducting path in the air (see Figure 32). Engineers 
and physicists have been studying lightning in the field, and have been 
producing lightning in the laboratory by means of electric discharges 
in the air from high-voltage transformers in order to learn how to protect 
power lines and buildings from the destructive effects of lightning (see 

Figure 33). 



Fio 33 10,000,000-volt artificial lightning discharge at the High-Voltage 

Engineering Laboratory. (Courtesy of the General Electric Company.) 

It may be noted that lightning produces at least one inown bene¬ 
ficial effect — it has been estimated that lightning discharges over the 
surface of the earth produce about 100,000,000 tons of fixed nitrogen 
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annually. This fixed nitrogen is then deposited in the soil by the rain 
and thus makes this essential element available to plants. 

To obtain colored light from gases it is necessary to produce electric 

discharges in the gases under con¬ 
trolled conditions. The simplest 
way to do this is to put the gas 
inside a glass tube which has two 
electrodes sealed into it at its end 
(see Figure 34). To study the be¬ 
havior of a gas as a source of light, 
Fig. 34. A gas discharge tube. suppose that the tube is connected 

to a vacuum pump so that the 
pressure in it can be reduced to any desired value. If we start with 
air at atmospheric pressure in the tube, a difference of potential of about 
50,000 volts will be needed to produce an electrical discharge in a tube 
about 3 feet long. The appearance of the discharge will be that of a thin 
line of light extending from one electrode to the other. Suppose that the 
vacuum pump is started and the pressure reduced gradually. It will be 
found that this ribbon of light will spread and when the pressure is a few 
millimeters of mercury, the entire tube will be filled with a pink or 
reddish glow. If the pressure is reduced still further, instead of a 
continuous region of color we get a series of light and dark spaces. For 
our present purposes, however, this is not suitable as a light source. 

To operate a gas discharge tube as a light source, it is necessary to adjust < 
the pressure of the gas to the proper value so that the entire volume of 
gas will be luminous; the tube is then sealed to maintain this pressure. 

At this pressure the operating voltage of the tube is only a few thousand 
volts while the current is very small, only a few milliamperes. 

The color of the light emitted by a gas at low pressure depends upon 
the nature of the gas. For example, the light from a neon lamp is red, 
that from an argon lamp is purple, and that from helium is bluish white. 
When the light from any one of these gases is examined by means of a 
spectroscope, its spectrum is found to consist of a series of sharp, bright 
lines. The wave lengths of these lines and their intensities can be meas¬ 
ured and recorded. This information can then be used in analyzing the 
composition of a sample of any substance. The technique, known as 
spectrum analysis, has been developed into a quantitative as well as a 
qualitative method of analysis and plays a very important role in many 
industrial processes, such as the manufacture of various types of steel. 

The analysis of the spectra of the elements has yielded very valuable 
information concerning the structure of atoms. In our present theory of 
atomic structure, a neutral atom consists of a very small positively 
charged nucleus and a sufficient number of small negatively charged 
electrons oatside the nucleus so that the sum of the positive and negative 
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charges is zero. If an electron is added to or removed from an atom, the 
atom is said to be ionized , or it is called simply an ion. The structure of 
the nucleus and the arrangement of the electrons outside the nucleus 
will be considered in greater detail in Part 4. For the present purpose it 
will be sufficient to consider, in a qualitative manner, the method by 
which a gas is made conducting and enabled to emit light by the passage 
of an electric current through it. Even under normal conditions a gas 
contains a few ions. These ions may be produced by the many col¬ 
lisions between atoms or between molecules of the gas resulting in the 
transfer of an electron from one atom to another or from one molecule to 
another. Ions may also be produced by the action of light similar to the 
photoelectric effects discussed previously, or by the action of cosmic 
rays which are continually entering the earth’s atmosphere. If a differ¬ 
ence of potential is applied to the electrodes of a tube containing a gas, 
the ions of the gas are given additional energy; the positive ions are 
forced toward the negative electrode and the negative ions are forced 
toward the positive electrode. In their passage through the gas, these 
ions will make many collisions with neutral atoms and molecules and 
give up some of their energy to them. Some of these collisions will 



Fia. 35. Ultraviolet lamps used to irradiate a hospital operating room. 

(Courtesy of the Westinghouse Electric Corporation.) 

result in the production of new ions and some will result in the capture 
of electrons by the ions; in others there will be a transfer of energy 
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which does not result in the formation of new ions, but merely results in 
a rearrangement of the electrons in the atoms. These atoms will be in a 
state of higher energy than normal atoms and in returning to the normal 
state will emit the excess energy in the form of electromagnetic radi¬ 
ation. This radiation may be either in the visible region of the spectrum, 
giving rise to the colored light we see, or in the invisible region such as 
the ultraviolet or infrared region. 

If the tube containing the gas is made out of ordinary types of glass, 
most of the energy in the invisible part of the spectrum will be ab¬ 
sorbed by the glass. Special types of glass have been developed which 
will transmit the ultraviolet light; quartz also transmits ultraviolet 
light. Sources of ultraviolet light have found increasing use in homes, 
hospitals, and food-processing plants. Ultraviolet light has definite 
therapeutic effects and bactericidal properties (see Figures 35 and 36). 



Fig. 36. Effect of ultraviolet light on paramecin. Upper left: Normal para¬ 
mecin. Upper right: Paramecin showing the distension which occurs after 30 
seconds of irradiation by ultraviolet light. Lower left: Paramecin dying from 
effect of the ultraviolet light. Death produced by a change in the osmotic 
tension of the cell wall causing the organism to swell. Lower right: Death of 
a paramecium produced by an internal explosion. The contents of its cell 
are disintegrating and mixing with the surrounding water. (Courtesy of the 

Westinghouse Electric Corporation.) 


Many substances have ability to transform ultraviolet radiation into 
visible radiation; such substances are said to be fluorescent , and the 
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process of transformation is called fluorescence. The particular color 
emitted by a fluorescent substance depends upon the wave length of the 
ultraviolet light incident upon it and upon the nature of the substance. 
There are two very important applications of fluorescence: one is the 
examination and identification of minerals by the study of the fluorescent 
light emitted by them; the other is the transformation of some of the 
ultraviolet light into additional visible radiation to improve the luminous 
efficiency of the source of light. 

13. Fluorescent Lamps 

Most fluorescent lamps use an electrical discharge through mercury 
vapor as the source of radiation. The visible spectrum of mercury 
consists of yellow, green, blue, and violet light. In addition, a large 
amount of ultraviolet radiation is emitted by it. By coating with a 
fluorescent substance the walls of the glass tube containing the vapor, 
a large part of the ultraviolet radiation is converted into visible radi¬ 
ation. Almost any desired color can be obtained by a suitable choice of 
fluorescent materials for the coating on the walls of the tube. 

For widespread and safe use in homes, stores, and factories, lamps 
should be designed to operate at low voltages. We have seen that the 
low-pressure, gas-discharge tube normally 
operates at several thousand volts. How¬ 
ever, by the introduction of a filament into 
a tube containing gas at a low pressure, 
the voltage needed to operate the tube 
can be lowered to a safe value. The reason 
for this is that a filament which is heated 
emits electrons; these electrons can then 
be given sufficient energy at low voltages 
to ionize the gas and thus start the light- 
emission process. Figure 37 is a diagram 
of a fluorescent lamp and the circuit used 
to operate it with alternating current. 

Two filaments are built into the ends of the tube When the switch S 
is closed, current flows in the filaments F, heatiig them so that they 
emit electrons. The current also flows through a coil L wound around 
an iron core. After a short time the switch S is opened, either manu¬ 
ally or by an automatic device built into the switch. The opening of 
the switch produces a rapid change in the magnetic field through the 
coil L, gives rise to a large induced electromotive force between the 
filaments, and starts the electric discharge through the tube. Once the 
electric discharge is started, the bombardment of the filaments by 
the mercury ions keeps them hot enough to continue to emit electrons 
and maintain the electric discharge at a voltage less than 110 volts. 


llOv-A.C. 
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Fio 37. Schematic dia- 
gran of the essentials of a 
fluoiescent lamp with a 
sinple starting circuit. 
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The filaments thus serve the dual purpose of electron emitters and as 
the electrodes of the tube. 

ANODE STEM PRESS 
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WITH FLUORESCENT MATERIAL ACTIVE MATERIAL 

Fig. 38. Details of the construction of a fluorescent lamp. (Courtesy of the 

Westinghouse Electric Company.) 

Fluorescent lamps have many advantages over the tungsten lamps: 
they are much more efficient, they operate at low temperatures, their 
surface brightness is extremely low since the light comes from a very 
large surface, and almost any color light can be obtained by the use of 
proper fluorescent materials. A tremendous increase in the use of fluo¬ 
rescent lamps may be expected in the near future. 

14. Photoelectric Effect — The Photon 

We have seen that one of the effects produced by the interaction of 
radiant energy and matter is the ejection of electrons from a substance 
under suitable conditions. Whenever these conditions are right, the 
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Fig 39. Starting device for fluorescent lamp. 


number of electrons ejected is proportional to the intensity of the 
incident radiation, that is, the amount of radiant energy incident on a 
unit area of the surface in unit time. We saw an example of this in the 
photoelectric cell. We found that the current in such a cell is propor- 
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tional to the intensity of the incident radiation, and we know that this 
electric current is determined by the number of electrons flowing through 



Fig. 40. A common type of fluorescent lamp. (Courtesy 
of the Westinghouse Electric Corporation.) 



Fig. 41 . Circular fluorescent lamp. (Courtesy of Westing- 

house Electric Corporation.) 


the circuit in a given time interval. We are retiming to the con¬ 
sideration of the photoelectric effect because of the add tional information 

it has yielded concerning the nature of light. 

One of the problems investigated in the surface photoelectric effect 
is the relationship between the color or wave length of the incident 
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radiation and the speed with which electrons leave the surface. The 
diagram shown in Figure 42 illustrates one method of studying this 
effect. A quartz window IF is sealed on to a glass tube to permit ultra¬ 
violet light to enter the tube. / 3 is the photoelectric surface and C is a 
hollow cylinder to collect the electrons emitted by the surface P. A 
small hole // in the base of the cylinder permits light to reach the surface 
P. The air is pumped out of the tube to produce as good a vacuum as 
possible. 

In this experiment it is necessary to use light of one wave length 
only. It is possible to use a set of filters with a suitable source of light 
so that only a single wave length is transmitted through the filters and 



Fig. 42. Experimental arrangement for measuring the 

photoelectric current. 


allowed to go through the window of the tube and fall on the photo¬ 
electric surface. The electrons ejected from the surface will have some 
kinetic energy and go to the cylinder C. If a battery B is connected so 
that C is positive anc P is negative, the electrons will be accelerated 
toward C and the current measured by the galvanometer will be pro¬ 
portional to the number of electrons which go from P to C in unit time. 
If the battery is arranged so that the voltage can be varied, it will be 
found that the current in the galvanometer will remain constant for 
practically all values of the voltage as long as C is positive with respect 
to P and as long as the intensity and the wave length of the light are not 
changed. 

If the intensity of the light is increased, the current, and hence the 
number of electrons ejected from the surface per unit of time, will be 
increased. If the intensity of the light is decreased, the number of 
electrons per unit of time ejected by the surface will also be decreased. 

If, now, the battery is reversed so that the surface P is positive 
and the cylinder C is negative, the electrons leaving the surface P "ill 
be retarded by the electric field between P and C and the current 
registered by the galvanometer will be decreased even though the 
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intensity and the wave length of the incident light are not changed. 
As this voltage is now increased, the current will decrease and reach the 
value zero at a definite value of the voltage V 0 . At this value of the volt¬ 
age, therefore, no electron has sufficient speed to overcome the effect 
of the electric field in opposing its motion toward C. This value of the 
voltage is called the stopping potential. 

If we start again with a very small voltage between P and C and 
use light of much greater intensity, we shall observe a larger current than 
we got before at this same small voltage. If we now increase the voltage 
with C negative and P positive, we shall find that the current drops to 
zero at exactly the same stopping potential as in the first case. These 
results are given in the form of a graph shown in Figure 43. Curve I\ 


shows the photoelectric cur¬ 
rent in the circuit as the volt¬ 
age between C and P is varied 
when light of small intensity 
is incident on the plate P. 
Curve 1 2 is a similar curve 
when light of greater inten¬ 
sity is used. The stopping 
potential V 0 is the same in 
each case. The only conclu¬ 
sion that can be drawn from 
this type of experiment is 
that although the number of 



Fig. 43. Graph showing the photoelectric cur¬ 
rent produced by monochromatic light. The 
stopping potential V 0 is independent of the in¬ 
tensity of the light. 


electrons leaving the surface 

per unit of time is directly proportional to the intensity of the incident 
light, the speed or the kinetic energy with which the electron leaves 
the surface P does not depend upon the intensity of the light. 

We can use the same experimental arrangement to determine the 
effect of the wave length on the speed of the ejected electron by meas¬ 
uring the stopping potential for radiation of different wave lengths. 
Such measurements show that the stopping potential is greater for light 
of shorter wave length. Thus when ultraviolet light is incident upon 
the surface P, the maximum energy with which electrons are ejected 
from the surface is greater than when visible light is used. 

On the basis of the wave theory of light we are led to expect not 
only an increase in the rate at which electrons are ejected from a surface 
when the intensity of the light is increased but also an increase in the 
maximum energies of the ejected electrons. The photoelectric effect 
cannot be explained by the wave theory of light. In 1905, Albert Ein¬ 
stein developed a theory for the explanation of the photoelectric effect 
in which he assumed that light consists of small bundles of energy, 
sometimes called photons , and that the amount of energy possessed by 
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a photon is inversely proportional to the wave length of the light. Thus 
a photon of ultraviolet light has more energy than a photon of visible 
light. Whenever a photon causes the ejection of an electron it gives up 
all of its energy to the electron. Hence the maximum energy of an elec¬ 
tron can never exceed the energy of the incident photon. As a matter 
of fact, the maximum energy of an electron is generally less than that 
of the incident photon since some work must be done to get the electron 
out of the surface. These results can be put in the form of a simple 
equation, known as Einstein’s photoelectric equation, as follows: 

(3) 

in which m is the mass of the electron, v is its speed, so that \mv 2 is its 
kinetic energy, L is the wave length of the incident light, c is the speed of 
light, h is a constant, and w is the amount of energy lost by the electron 
in leaving the surface. The quantity c/L is called the frequency of the 
light and can be represented by a single letter / so that the equation 
can be written as 

(4) 

I he energy of the photon is hf. This equation states that the kinetic 
energy of the electron is equal to the energy of the photon minus the 
energy required to get through the surface. The constant h occurs 
frequently in problems involving the interaction of radiant energy and 
matter. It was first introduced into physics by Planck and is known as 
the Planck constant. Its numerical value, determined experimentally, is 

h = 0.01 X 10 -27 erg sec. 

The bundle of energy represented by hf is sometimes referred to as 
a quantum of energy; the physical theory which includes the photon 
hypothesis of light is called the quantum theory. 

15. Theories of Light 

We mentioned that in the days of Newton and Huygens there were 
two theories concerning the nature of light, the wave theory and the 
corpuscular theory. In the eighteenth century the corpuscular theory 
was the more favored one. Beginning early in the nineteenth century, 
the wave theory gained the ascendancy mostly because of the work on 
interference and diffraction phenomena by Young and Fresnel. In the 
latter part of the nineteenth century, the wave theoiy was improved b} r 
Maxwell and Hertz, who showed that these waves form a small part of a 
whole range of electromagnetic waves. These now extend from very 
long electromagnetic waves used in radio down to very short electro- 
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magnetic waves produced in X-ray tubes. Beginning early in the 
twentieth century and extending down to this day, many new phe¬ 
nomena were discovered — the photoelectric effect is only one of them — 
which showed that radiant energy exhibits a corpuscular nature. These 
are not the same as the particles predicated by Newton; they are cor¬ 
puscles of energy. 

The modern theory of the nature of light incorporates both view¬ 
points. The wave character and the corpuscular character are two 
different aspects of radiant energy and one complements the other. 
In a simple way we may think of these corpuscles of energy or photons 
carried along with the waves as they go through space. The exact 
location of each photon in the wave cannot be determined precisely. 
When radiant energy strikes a surface, as in the case of the photoelectric 
effect, we know the location of the wave over the surface, but we cannot 
predict which electron in this portion of the surface will be ejected. We 
do know that whichever electron is ejected, it will receive all of the 
energy carried by one photon in the beam, and that each photon will 


eject just one electron. , _ , , 

In explaining diffraction of light, we added up the effects produced 

by all the waves which reached a given point and found that a bright 
spot was produced whenever these waves were in phase at that point, 
and that there was darkness whenever these waves were out of phase. 
On the basis of the corpuscular theory, we cannot predict just where a 
given photon will strike but we can say that most photons will strike 
those points which are bright, while very few, if any, will strike the dark 
regions of the diffraction pattern. Another way of saying this in terms 
of the individual photons is to say that the probability is very great that a 
photon will strike in those regions which the wave theory predicts should 
be bright, and that the probability is very small that a photon will strike 

a region which the wave theory predicts should be dark. 

The theory which has been outlined above in a very simple and 
elementary fashion has been developed in the past twenty years as a 
result of the work of such physicists as Heisenberg, Schroedinger, and 
Bohr This theory applies not only to radiant energy; as we shall see 
later it can also be extended to material particles. The entire subject 
is generally included under the heading of wave mechanics. 


QUESTIONS and exercises 

1 Give a detailed description of the energy changes which take place when 
electric current is supplied to a tungsten filament lamp. What factors determine 

how hot the tungsten will get? 

2 The intensity of a 60-watt lamp is measured with a grease spot photom¬ 
eter by placing a standard 32 candle-power lamp 200 cm from the lamp. The 
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screen S is illuminated equally by each lamp when it is 120 cm from the 60-watt 
lamp. Determine the intensity of this lamp. 

3. What are the essential characteristics of a wave motion? 

4. Distinguish between a longitudinal wave and a transverse wave. Give 
an example of each. 

6. Describe briefly what the photoelectric effect is. When monochromatic 
light is incident upon the sensitive surface of a photoelectric cell, what factors 
determine (a) the photoelectric current, and (b) the energies of the emitted 
electrons? 

6. Outline the experimental evidence at the basis of the two theories con¬ 
cerning the nature of light. Trace the development of each theory from the 
time of Newton and Huygens to the present. 

7. Determine the ratio of the speed of a light wave and the speed of a sound 
wave in air. 

8. The lowest note A of the piano has a frequency of 22.5 vib/sec, inter¬ 
national A is pitched to 440 vib/sec, and the highest note C of the piano is 
8,370 vib/sec. Assuming that the speed of sound in air is 1,100 ft/sec, de¬ 
termine the wave length of each of these sounds. 

9. Compare the relative sizes of the apertures necessary to produce diffrac¬ 
tion (a) with sound and (b) with light. 

10. Can a sound wave in air be polarized? 

11. Yellow light has a wave length of about 6 X 10“ 5 cm. Taking the 
speed of light as c = 3 X 10 10 cm/sec, determine the frequency of this yellow 
light. 

12. Using the data from Problem 11, determine the energy of a photon o 
yellow light. 

13. Violet light has a wave length of 4 X 10~ 5 cm. When this light is inci¬ 
dent on a photoelectric cell, half of the energy of a photon is required to take the 
electron through the surface of the metal, (a) How much kinetic energy does > 
the ejected electron have? If the mass of the electron is approximately 9 X 10 -M 
gm, determine the speed with which the electron leaves the metal. 



CHAPTER 


Utilizing Light 


1. Introduction 

Most of our knowledge of the external world is brought to us by 
light; we place a great deal of reliance upon visual evidence in all fields 
of activity. The normal human eye, however, has some very serious 
limitations which are due to its structure, position, and size. In attempts 
to overcome these limitations use is made of a wide variety of optical 
instruments. Some optical instruments are designed for immediate 
visual use; mirrors, lenses, microscopes, and telescopes are among these. 
Some optical instruments are designed for use with photographic plates 
or films so that permanent records can be made of objects and events; 
these records can then be used and studied at a later date. Such in¬ 
struments have an additional advantage in that they can accumulate 
light from objects for a sufficiently long time to produce a record on 
a photographic plate; in many cases the amount of light which would 
reach the eye from these objects would not be sufficient to produce a 
visual effect. 

It is difficult to enumerate and evaluate the many changes that 
have been brought about in our thinking and in our knowledge through 
the discoveries made with the aid of optical instruments. I doubt that 
we can now imagine the thrill that Galileo must have experienced when 
he looked through his small telescope and discovered several moons of 
Jupiter. Since then the telescope has brought many distant worlds into 

our view. 

The living cell, the structural unit of plants and animals, could not 
have been discovered by the biologists without the microscope. A good 
microscope will not only show these cells, but will also give considerable 
detail of the structure of the cell. A whole new world of minute or¬ 
ganisms has been brought into view by the microscope. In the hands of 
the physician, the microscope has become an invaluable tool in the fight 

against disease. 

Optical instruments have produced profound changes in fields other 
than science. The camera, for example, provides us with a certain 
amount of pleasure and entertainment and, in skillful hands, has opened 
up a new field of art. The motion-picture camera and the projection 
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machine have created a new artistic medium for the entertainment of 
the people. They have also provided us with new means of education 
and propaganda. 



Tig. 1. Galileo demonstrating his telescope. (Courtesy of the Bausch & 

Lomb Optical Company.) 

Each optical instrument consists of one or more simple optical 
elements which are combined to produce the desired effect. Mirrors, 
prisms, and lenses are the most common optical elements used. A 
knowledge of the effect of each one of these optical elements on a beam 
of light is essential in order to understand the use and limitations of 
any optical instrument. 

2. Reflection and Refraction 

Glass is the most common substance used in making optical parts. 
Suppose we consider a beam of light which goes from the air into a 
rectangular block of glass which has smooth, polished surfaces. If the 
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beam of light is inclined at an angle to the surface as shown in Figure 2, 
it will be found that a small amount of light is reflected as a narrow 
beam from the surface into the air while the remainder penetrates the 
surface and travels through the glass in a 
narrow beam. It will be observed that the 
beam of light does not travel in the same di¬ 
rection in the glass as it did in the air; the 
light is said to be refracted from the air into 
the glass. 

In making quantitative measurements 
on reflection and refraction, it is customary 
to consider the direction of the light as that 

of a very narrow pencil of light, or a ray of Fig 2 . Reflection and 
light. For example, the direction of the in- refraction of light at the 
cident light is taken as the angle that an surface^ separation of 

incident ray makes with a line perpendicular 

to the surface at the point of incidence. In Figure 2, the incident 
ray is represented by the line AP, where P is the point of incidence 
of the ray on the glass surface. The line NP, usually referred to 
as the noi'mal line, is perpendicular to the surface at P . The angle 
of incidence is the angle i between AP and NP. Similarly, the angle of 
reflection r is the angle between the reflected ray PB and the normal 
NP; the angle of refraction t is the angle between the refracted ray PC 

and the same normal. 

It has been found experimentally that (1) the incident ray, the 
normal, and the reflected ray are all in one plane, and (2) the angle of 
incidence is equal to the angle of reflection. These two laws of reflection 
hold not only for a flat surface but also for surfaces of any other shape. 
They enable us to construct the reflected rays when the position and 
shape of the reflecting surface are given. Figure 3 is a photograph of 
three narrow parallel beams of light incident upon a glass plate. It will 
be noted that reflection takes place at both surfaces; also that light is 

refracted at both surfaces. 

A glass surface will reflect a small fraction of the light incident upon 
it. If it is desired to reflect a greater percentage of the incident beam, 
the surface may be coated with a layer of silver, aluminum, gold, or other 
metal. Metallic coatings will reflect from 70 to 95 per cent of the light 
incident upon the surface. While front surface coatings are frequently 
used in optical instruments, the ordinary mirror has the coating on the 
rear surface of the glass, and the metallic surface is usually varnished or 

painted for protection. 

An examination of the refracted ray shows that it is bent toward the 
normal when it enters the glass, that is, the angle of refraction is smaller 
than the angle of incidence (see Figure 3). The phenomena of re- 
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flection and refraction were known and studied by the early scientists. 
Ptolemy, in the first century a.d., made measurements of the angles of 
refraction for different angles of incidence on glass surfaces and on water 
surfaces, but his conclusions from these measurements were incorrect. 



F^g. 3. Photograph of a beam of light incident upon a rectangular plate of 
glass Note the reflected rays at both surfaces. The transmitted rays are 
parallel to the incident rays but displaced slightly. (Courtesy of Bausch & 

Lomb Optical Company.) 

1 he Arabian scientist Alhazen, in the latter part of the tenth century, 
formulated the first law of reflection given above, and gave a similar 
statement for refraction, that is, that the incident ray, the normal, 
and the refracted ray all lie in the same plane. It was not until 1621 
that the correct relationship between the angle of incidence and the 
angle of refraction was formulated by Snell. This is a relationship, not 
between the angles but between trigonometric functions of the angles. 
(See Appendix, page 404.) Snell’s law states that the ratio of the sine 
of the angle of incidence to the sine of the angle of refraction is a con¬ 
stant. I his constant is known as the index of refraction and depends 
upon the nature of the medium through which the light is traveling, 
lor accurate quantitative work it is customary to assume that light 
goes from a vacuum into the medium under investigation and to assign 
the number 1 as the index of refraction of a vacuum. The index of 
refraction of any other medium can then be measured and tabulated. 
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The index of refraction of air differs only slightly from 1. The index of 
refraction ol common glass is about 1.5. Some dense optical glass may 
have an index of refraction of 1.7. Water has an index of refraction of 
1.33, while diamond has an index of refraction of 2.4. 



STUDIED THE REFRACTION OF 
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Fig. 4. Refraction demonstrated by Alhazen. (Courtesy of Bausch & 

Lomb Optical Company.) 

The refraction of light is due to the fact that light travels with 
different speeds in different media. It can be shown on the basis of the 
wave theory of light that the index of refraction is the ratio of the speed 
of light in the first medium to the speed of light in the second medium. 
If n is the index of refraction of any medium, then 
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where c is the speed of light in a vacuum and v is the speed of light in the 
medium. Thus if n = 1.5 for some type of glass, the speed of light in 
this glass is § that in a vacuum. 

Although the speed of light in a vacuum is the same for all colors, 
that is, for all wave lengths, the speed of light is different for different 
wave lengths in a material medium. Hence the index of refraction 
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Fig. 5. Newton studying the spectrum produced by the dispersion of 
sunlight by a glass prism. (Courtesy of Bausch & Lomb Optical 

Company.) 

depends not only upon the medium but also upon the wave length of 
the light. This can easily be demonstrated by sending a beam of white 
light through some transparent substance arranged so that the surface 
through which the light enters the medium is inclined at an angle A to 
the surface through which the light leaves the medium. A triangular 
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prism of the material as shown in Figure VIII — 9 is a very convenient 
form for this experiment. It will be observed that the white light which 
is incident on the face AB is dispersed by the prism into an array of colors 
extending from red through orange, yellow, green, blue, and violet. 
This array of colors is called the spectrum of light. 

The dispersion of the light into a spectrum by the prism is due to 
the fact that the different wave lengths or colors which constitute the 
white light travel through the prism with different speeds. The red 
light travels fastest through the glass and is deviated least. The violet 
light travels slowest and is deviated most. It will be recalled that the 
prism is used in one type of spectroscope for the analysis of light. 



/ 

Fig. 6. Method of deter¬ 
mining the position of the 
image formed by a plane 
mirror. 


3. Image Formation by a Plane Mirror 

It is a comparatively simple matter, 
using the law's of reflection, to determine the 
image of any point of an object formed by a 
plane mirror. In Figure 6, MM ' is a plane 
mirror and O is any point of an object. 

Since a point is determined by the inter¬ 
section of two lines, it will be sufficient to 
take any two rays from 0 which strike the 
mirror and are reflected from it. OA is one 
ray and OB is another ray; the lines N\A 
and NiA are the respective normals. AC and BD are the corresponding 
reflected rays. It will be observed that these two reflected rays do not 

A meet in front of the mirror; however, when they 

are produced backward, these rays meet in a 
point I behind the mirror. The point / is called 
the image of point O. It is easy to prove that 
the point I lies just as far behind the mirror 
as 0 does in front of the mirror. The image 
I is called a virtual image because the rays of 
light do not actually pass through this point 
but only appear to do so. 

This method of image construction can be 
extended to an object of finite size. Figure 7 
show's the image A'B' of the object AB formed 
by the plane mirror MM'. It will be noted that 
to an observer at E, the head of the arrow 


B 

M 


M 

E 

M' 

B' 


a/ 


Fig. 7. To an observer 
at E, the image A'B’ 
appears reversed in the 
plane mirror MM'. 


appears on his right, but when viewed in the mirror, the head of the 
arrow appears on his left. The image is said to be reversed from right 
to left. We are probably all familiar with this reversal phenomenon 
because of our frequent use of plane mirrors. It will be noted that 
the size of the image is the same as the size of the object. 
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4. Image Formation by Curved Mirrors 

The most common type of curved mirror is the spherical mirror. 
Spherical surfaces are used because they are easiest to make. Figure 8 
shows a sphere of radius R with its center at C. Any portion of the 
spherical surface such as AIM' can be silvered and used as a mirror. If 
the outside of MM' is silvered, it is called a convex mirror; if the inside 
of AIM' is silvered, it is called a concave mirror. The line from C to the 
center of the mirror AIM' is called the principal axis of the mirror. Any 
radius from C to the surface of the mirror is perpendicular to the surface 
and can be used as a normal line for measuring the angles of incidence 
and reflection. 



Fig. 8. A spherical mirror is cut from a mirror arc converged to the princi- 

sphere. pal focus F after reflection. 

If a beam of light parallel to the principal axis is incident upon a 
concave spherical mirror, the rays will be reflected from the surface so 
as to converge toward a single point F as shown in Figure 9. The point 
of convergence is called the principal focus of the mirror. Each reflected 



Fig. 10. Rays parallel to the 
principal axis incident upon a 
convex mirror diverge after re¬ 
flection from the mirror. The re¬ 
flected rays appear to come from 
a point F' behind the mirror. F' 
is the virtual focus of the convex 

mirror. 



L- q -^ 


Fig. 11. A real, inverted image, smaller than 
the object, is produced when the object AH is at 
a distance greater than 2/ from the concave 

mirror. 


ray travels in a straight line which passes through its point of incidence 
on the mirror and the principal focus. The principal focus F is halfway 
between the center of the sphere C and the vertex or mid-point of the 
mirror. The distance from the principal focus to the vertex of the mirror 
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is called the focal length f of the mirror. The focal length of a spherical 
mirror is half the radius of the sphere of which the mirror is a part. 

If a beam of light parallel to the principal axis is incident upon a 
convex spherical mirror as shown in Figure 10, the reflected rays will 
diverge from the surface as though they came from a point F' behind 
the mirror. F’ is called the virtual focus of the mirror. This point is also 
halfway between C and the vertex of the mirror. 

The kind of image formed by a concave spherical mirror depends 
upon the distance of the object from the focal point. Figure 11 shows the 
image formed when the object AB 
is at a distance from the mirror 
greater than its radius. In con¬ 
structing this image, two rays are 
taken from the point A : one ray, 
parallel to the principal axis, is 
reflected so that it passes through 
the principal focus F; the other 
ray is taken through the center C, 
and since it strikes the mirror 
normally, it is reflected back on 
itself. The point A', where these 
two reflected rays meet, is the 
image of A. A similar construction can be used for any other point of the 
object. A'B' is the image of AB. It will be observed that A'B' is smaller 
than AB; it is inverted; it is a real image since rays of light actually 
pass through the image. 

If the object AB is placed between C and F , as shown in Figure 12, 
its image A'B' will be formed beyond C. It will be larger than the object, 


A' 



Fig. 13. An erect, enlarged and virtual image is 
formed when the object AB is placed between the 
concave mirror and its principal focus F. 

real, and inverted. It can be shown that, in general, 

s ize of image _ distance of image from mirror 

size of object distance of object from mirror 

When the object is between C and F, its image is magnified. 



Fig. 12. A real, inverted, enlarged image 
is produced when the object AB is between 
the principal focus F and the center of 
curvature C of the concave mirror. 
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If the object is placed between F and the mirror as shown in Figure 
13, the rays from any one point of the object such as A will diverge after 

reflection from the mirror. They will 
appear to meet at a point A' behind 
the mirror. The image formed in this 
case will therefore be a virtual image; 
the image will also be erect and magni¬ 
fied. 

The image formed by a convex 
mirror of any real object is shown in 
Figure 14. The image is always virtual, 
erect, and smaller than the object. 



Fig. 14. The image of a real ob¬ 
ject AB formed by a convex 
mirror is always erect, virtual and 
smaller than the object. 


5. Image Formation by Lenses 

A lens is made of glass or other transparent material with spherical 
surfaces. (A plane surface is considered a special case of a spherical 
surface.) Spherical lenses are classified either as converging lenses or as 
diverging lenses. Figure 15 shows three common forms of converging 
lenses and I* igure 1(> shows three common forms of diverging lenses. 



Fig. 15. Converg¬ 
ing spherical lenses 
of three different 
shapes. 



Fig. 1G. Diverging 
spherical lenses of 
three different 
shapes. 


A beam of parallel light incident on a converging lens will be re¬ 
fracted as it enters and leaves the spherical surfaces of the lens and will 
converge toward a single point F after 
leaving the lens as shown in Figure 17. 

If the beam is parallel to the principal 
axis of the lens, the point F is called the 
principal focus. The principal axis is a 
line passing through the centers of the 
spheres which form the surfaces of the 
lens. Figure 18 is a photograph show¬ 
ing three narrow parallel beams incident 
upon a converging lens and being brought 



Fig. 17. Rays parallel to the 
principal axis are converged to¬ 
ward the principal focus F after 
passing through the converging 

lens. 


to a focus; note also the reflection at each lens surface. 

If a beam of light parallel to the principal axis passes through a 
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diverging lens, as shown in Figure 19, it will emerge from the lens as a 
divergent beam, which seems to come from a single point F\ the virtual 
focus of the lens. The distance from the lens to the principal focus, for 
either a converging or a diverging lens, is called the focal length of the 



Fig 18. Photograph showing three narrow parallel beams incident upon a 
converging lens. The major portion of the light is refracted through the lens 
and converged toward the principal focus. Some of the light is reflected at each 
surface. (Courtesy of Bausch & Lomb Optical Company.) 


lens. Figure 20 is a photograph showing three narrow parallel beams 
incident upon a diverging lens; after passage through the lens, the beams 
diverge as though they come from a point. Note the rays reflected from 

each surface. 

The type of image formed by a 
converging lens depends upon the posi¬ 
tion of the object with respect to the 
focus of the lens. When the object is 
at a distance from the lens greater 
than twice the focal length of the lens, 
the image will be real, inverted, and 
smaller than the object. The method 
of constructing the image is shown in 
Figure 22. Two rays are taken from a 
point on the object AB. One ray from A taken parallel to the 
principal axis will be bent by the lens so that it passes through the 
principal focus F. Another ray from A which passes through the center 
of the lens goes through without deviation. These two rays meet at 



Fig. 10. Rays parallel to the 
principal axis are diverged after 
passing through the diverging 
lens; they appear to come from 
the virtual focus at F'. 
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I' IG - 20. Photograph showing the divergence produced when a series of narrow 
beams of light pass through a diverging lens. Note the reflections at each of the 
lens surfaces; the front surface acts as a concave mirror, the inside of the back 
surface as a convex mirror. (Courtesy of the Bausch & Lomb Optical 

Company.) 



Pig. 21. The passage of a series of narrow beams of light through a diverging 
lens and a converging lens. (Courtesy of the Bausch & Lomb Optical 

Company.) 
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A\ the image of .4. The image of any other point of the object can be 
found in a similar manner. Just as in the case of spherical mirrors, 

size of image distance of image from lens 
size of object distance of object from lens 



Fig. 22. Image formation by a converging lens. The image A'B' 
is real, inverted, and smaller than the object AB when the dis¬ 
tance of the object from the lens is greater than 2J. 


When the object is at a distance less than twice the focal length 
from the lens but greater than the focal length, the image will be real, 
inverted, and larger than the object as shown in Figure 23. 



Fig. 23. Image formation by a converging lens. 

The image A'B' is real, inverted, and larger than the 
object AB when the object distance is less than 2/ 

but greater than /. 

When the object is at a distance from the lens less than the focal 
length, the image will be virtual, erect, and larger than the object as 
shown in Figure 24. 



Fig. 24. Image formation by a converging lens. 
An erect, enlarged and virtual image A'B' is formed 
when the object distance is less than /. 
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In the case of a diverging lens, no matter what the position of a real 
object is, its image is always virtual, erect, and smaller than the object 
as shown in Figure 25. 

In our discussion of image 
formation by lenses, we made 
several tacit assumptions for 
the sake of simplicity. For 
example, we stated that a beam 
of light parallel to the prin¬ 
cipal axis is converged toward 
a point after passing through 
a converging lens. Actually 
the focus will not be a sharp 



Fig. 25. Image formation by a diverging 
lens. The image A'B' is always erect, 
virtual and smaller than the real object 
for all positions of the object. 


point but a small region of light. One reason for this effect is that 
light which passes through the lens near its edge will be deviated 
more than light which passes through the lens near the center. This 
type of error is called spherical aberration. The simplest method of 
correcting it is to use a diaphragm so that only the center portion of 
the lens is used. Although the latter will produce a sharper image, it 
will cut down the amount of light and reduce the brightness of the image. 

Another type of error or aberration is due to the fact that light 
consists of many different colors, and each color is deviated by slightly 
different amounts in passing through the lens. This color aberration or 
chromatic aberration gives rise to images whose edges are slightly blurred 
and show color. The correction for chromatic aberration involves the 
use of at least two lenses, usually of different kinds of glass. 


6. Photographic Camera 

The photographic camera consists of a series of lenses equivalent 
essentially to a single converging lens, mounted in a light-tight box. A 
photographic plate or film is placed inside this box behind the lens as 
shown in Figure 2(>. A diaphragm D is placed between the lenses to 
control the amount of light which enters the lens. The diameter of the 
opening in the diaphragm is adjustable. A shutter is usually placed near 
the diaphragm; it can be adjusted to admit light into the camera for a 
known time interval. 

For most photographic work, the object is very far from the lens 
compared to the focal length of the lens. The image formed by the lens 
is therefore real, inverted, and smaller than the object. The distance 
between the lens and the photographic film has to be adjusted so that 
the image is focused sharply on the film. This is usually accomplished 
by moving the lens with respect to the film. In some of the box or fixed 
type of camera, there is no way in which to move the lens with respect 
to the film. The lens used in such a camera has a short focal length, and 
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as long as the object is at a distance greater than about six feet from the 
lens, its image will be focused close enough to the principal focus so that 
the image on the film will not be blurred too much. 



Film 


Fig. 26. The camera. 

The amount of light entering the camera in a given time interval 
can be regulated by varying the diameter of the opening of the diaphragm. 
The diameter of this opening is usually given as a fraction of the focal 
length. Thus an//8 lens setting means that the diameter of the aperture 
is an eighth of the focal length of the lens. The amount of light which 
enters in a given time interval is proportional to the square of the 
diameter of the aperture. For example, twice as much light will enter 
the camera with the aperture set at//4.5 as compared to//6.3; the time 
of exposure at//4.5 will be just one half that at//6.3, other conditions 
remaining unchanged. Two lenses of different focal lengths, set at the 
same /-number, say //4.5, will require the same times of exposure under 
identical conditions. 


7. The Eye 

The eye may be considered as an optical instrument and, as far as 
image formation is concerned, its action is similar to that of a camera. A 
simplified diagram of the eye is shown in Figure 27. Light from an 
object enters the eye through the cornea C and passes through the region 
A, which contains a salt solution known as the aqueous humor. It then 
passes through the pupil P, which is the opening in the iris diaphragm I, 
and through the crystalline lens L. This is a lens-shaped transparent 
organ suspended in the eyeball by a ring of tissue attached to the walls. 
After passing through the lens, the light goes through a transparent 
jellylike substance called the vitreous humor V, until it strikes the retina 
R, which is the light-sensitive part of the eye. The retina is composed 
mainly of nerve tissue which is connected with the brain by the optic 
nerve O. 

The image formed by the eye is real, inverted, and smaller than the 
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object. To be seen clearly, the image must fall on the retina, no matter 
where the object may be. Since the image distance from the cornea to 

the retina is fixed, the eye has to 
have a mechanism for focusing ob¬ 
jects at different distances from it. 
This focusing is done by changing 
the shape of the crystalline lens 
through a change in the tension of 
the circular ligament supporting it. 
Its effect is to change the focal 
length of the eye. The property 
possessed by the eye of changing its 
focal length is called its power of 
Fig. 27. The eye. accommodation. It is different for 

different eyes. 

Each eye has its own range of accommodation , which is the distance 
measured from the eye, between the far point and the near point. An 
object at the far point can be imaged sharply on the retina when the eye 
is in its most relaxed state; an object at the near point can be sharply 
imaged on the retina when the power of accommodation of the eye is 
most strongly exerted. The far point of the normal eye is at infinity; 
the near point of the normal eye is generally taken to be about 25 centi¬ 
meters or 10 inches. 

The myopic eye or nearsighted eye has its far point not at infinity, 
but at a finite distance from the eye; its near point is about the same as 
that for the normal eye. An eye is usually myopic because it is longer 
than a normal eye. Myopia is corrected by the use of spectacles which 
consist of diverging lenses. 

The hyperopic or farsighted eye is usually shorter than a normal eye. 
Images of objects at great distances (infinity) would be formed behind 
the retina. Hyperopia is corrected by the use of spectacles made of 
converging lenses. 

1 he presbyopic eye is one which has lost some of its power of accom¬ 
modation because of the decrease in the elasticity of the lens tissue due 
to age. In particular, the near point has moved inconveniently far from 
the eye. I he usual correction for presbyopia is a converging lens to be 
used for reading or for viewing objects close to the eye. 

A common defect of the eye, known as astigmatism, is due to the 
fact that the curvature of the cornea, or of the lens, is not the same in all 
directions about the optic axis. In this case, a bundle of rays refracted 
by the surface cannot be focused in a single point; instead, the rays are 
focused in two lines at right angles to each other. Astigmatism is cor¬ 
rected by the use of cylindrical lenses with the axes of the cylinders 
properly oriented. 
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8. The Magnifying Glass 

When an object is to be examined minutely, it is usually brought as 
close as possible to the eye. The closer it is brought, the larger is the 
image on the retina. But, of course, it cannot be seen in sharp focus if it 
is brought closer than the near point; this fact imposes a limit on the 
size of the retinal image and the smallness of detail which can be seen. 
However, if a converging lens is placed in front of the eye, as shown in 
Figure 28, the object may be brought closer to the eye and still form a 
sharp image on the retina. A converging lens used in this manner is 
called a magnifying glass or simple microscope. 




Fig. 28. Method of using a single lens as a magnifying 

glass. 


The most common way of using a magnifying glass is to place the 
object at or within the principal focus F of the lens so that parallel rays 
enter the eye from each point of the object; the eye is then in its most 
relaxed position, since this is the same as viewing an object at infinity. 
It can be shown that the magnification produced by the lens is simply 
25 cm//, where/is the focal length of the lens in centimeters; or 10 in.//, 
where / is the focal length in inches. Thus a lens of 2 inches’ focal length 
which is used as a simple microscope will have a magnification of 5. 

9. The Telescope 

A telescope is used for viewing distant objects. The most common 
types of telescopes in use consist of two converging lenses, an objective 
lens L\ and an eye lens L 2 , arranged as shown in Figure 29. Each point 
of a distant object can be considered as sending a beam of parallel rays 
to the objective lens. If the rays from one point come into the lens 
parallel to its principal axis, they will converge at the principal focus. 
If rays from some other point of the object come in inclined at some 
small angle to the principal axis, they are focused in a point which is in 
the focal plane of the objective, that is, a plane passing through the 
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principal focus perpendicular to the principal axis. The image of a 
distant object is therefore formed in the focal plane which is at a distance 
F from the objective lens. This image is real and inverted. It is then 
viewed with the eye lens Z, 2 , which acts simply as a magnifying glass. 



Fig. 29. Optical diagram of a simple astronomical telescope. 

The distance from the first image to the magnifying lens is therefore equal 
to its focal length /. The magnification produced by the telescope is 
F/f, that is, the ratio of the focal lengths of the objective lens and the 
eye lens. To obtain larger magnification, we can use either a long-focus 
objective lens or a short-focus eye lens. 

Since distant objects send very little light to us, the objective lens 
is made fairly large so as to gather as much light as possible. Objective 
lenses up to 40 inches in diameter are used in some of the astronomical 
telescopes. A lens of large diameter has a long focal length, thus giving a 
large magnification. But magnification is not the only desirable feature 
of a telescope. An important feature of a telescope is its resolving power , 
that is, its ability to show detail. The resolving power of a telescope 
increases as the diameter of the objective lens increases. For example, 
two stars may be so close together that they appear as a single star when 
viewed with a telescope having an objective lens 4 inches in diameter; 
but a telescope with a 6-inch objective lens may be able to resolve them 
and show them as two stars. 

It is very difficult to get a large single piece of glass sufficiently 
uniform to make a very good objective lens. Hence for the very large 
astronomical telescopes, a concave mirror is used for the objective. Such 
a mirror is made of glass which has been cast in a single piece; the surface 
is polished to the desired curvature and then given a reflecting coating 
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either of silver or of aluminum. The Mt. Wilson observatory has a 
reflector 100 inches in diameter; the observatory at Mt. Palomar has a 
telescope with a 200-inch reflector. 



Fig. 30. A pair of prism binoculars with a cut-away sec¬ 
tion to show the optical parts and the path of a ray of light. 
(Courtesy of the Bausch •$: Lomb Optical Company.) 


The inverted image produced by the astronomical telescope is 
perfectly satisfactory for viewing celestial objects, but for viewing 
terrestrial objects, an upright image is more desirable. The addition of 



Fig. 31. Optical diagram of a Galilean telescope. 
This type was originally used by Galileo, and it is 
frequently called a Galilean telescope. 


another converging lens between the objective and the eye lens will 
reinvert the image. The addition of the extra lens will involve, however, 
increasing the distance between the objective and the eye lens and will 
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make the telescope much longer. A better way to make a terrestrial 
telescope is to use two reflecting prisms, one for inverting the image and 



Fig. 32. Cut-away sections for comparison of the three types of terrestrial 
telescopes. (Courtesy of the Bausch & Lomb Optical Company.) 


the other for reversing it. These prisms can be placed so as to reflect 
the light back and forth; thus the length of the tube which holds the ob- 



Fiq. 33. Simplified optical diagram of a compound microscope. 


jective and the eye lens can be made short, while the path of the light is 
still long (see Figure 30). This method is used in the construction of 
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prism binoculars, a set of two terrestrial telescopes joined together. A 
third method of making a terrestrial telescope is to use as the eye lens a 
diverging instead of a converging lens (see Figure 31). This type was 
originally used by Galileo, and it is frequently called a Galilean telescope. 
It is now commonly used in opera glasses. 

10. The Compound Microscope 

The compound miscroscope, which is used both to magnify small 
objects so that they become large enough to be seen and to show detail 



Fig. 34. Complete optical system of a compound microscope. (Courtesy of 

the Bausch & Lomb Optical Company.) 


in the structure of the object, consists of two converging lenses as shown 
in Figure 33. The objective lens Li has a very short focal length and is 
itself very small in diameter. The object to be examined is placed very 
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close to the principal focus F of this lens, and a real, inverted, and 
magnified image is produced at a comparatively great distance from the 
lens. This image is then examined with an eye lens L 2 , which magnifies 
it further. In addition to this optical system, another optical system 
must be used to provide an intense source of light for illuminating the 
object under investigation (see Figure 34). 

Magnification of several hundred diameters is common with com¬ 
pound microscopes. 1 he magnification may be increased by using 
either eye lenses of shorter focal length or objective lenses of shorter 
local length, or both. But there is a limit beyond which further magni¬ 
fication serves no useful purpose. \\ hat is desired is greater resolving 



Fig. 35. A compound microscope in use in a laboratory. 
(Courtesy of the Bausch & Lomb Optical Company.) 


power so that the finer details of the structure of the object may be 
examined. Theoretical investigations, corroborated by experiment, 
show that there is a definite limit to the resolving power of every micro- 
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scope. This limit is due to the fact that light is a wave motion. An 
object to be recognizable as such and to be distinguishable from other 
objects cannot have a size smaller than the wave length of the light it 
sends to us. The shortest wave length of visible light is 3.8 X 10“ 6 cm 
or 1.5 X 10~ 5 inch. This is the smallest size that an object can have and 
be distinguishable as such under ideal conditions. 



s-r SIGNIFICANT EVKNT WAS THE DISCOVERY OI BACTERIA 
N 1675 BY ANTONI VAN LEEUWENHOEK. WHO USED A • 
PRIMITIVE MICROSCOPE OI HIS OWN MANL'IACTURE £ 

. «‘>o. * or, ii io ,«»D.xo <-rru.u iwim nos ■ » 


Fig 36. A scene depicting the discovery of bacteria in 1675 by Van 
Leeuwenhoek with the aid of a compound microscope. (Courtesy of the 

Bausch & Lomb Optical Company.) 


To make smaller objects visible, it is necessary to use radiation of 
shorter wave length, such as ultraviolet light, in conjunction either with 
a photographic plate or with a fluorescent screen which will convert the 
ultraviolet light into visible radiation. Such ultraviolet microscopes 
have been made and used, but are difficult to make. Ordinary glass will 
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not transmit much ultraviolet light; quartz, which does transmit ultra¬ 
violet light, has been used for making the lenses of such microscopes. 
Much greater progress in this direction, however, has been made recently 
by the development of the electron microscope. The resolving power of 
this instrument has been increased to such an extent that objects no 
larger than 30 X 10 -8 cm can be distinguished. This increase in resolving 
power has made possible the study of the structure of bacilli and the 
detection of many types of viruses. 


QUESTIONS AND EXERCISES 

1* Trace the path of a ray of light as it enters and leaves the plane parallel 
surfaces of a piece of thick plate glass. Compare the directions of the entering 
and emerging rays. 

2. The index of refraction of water is 1.33. Determine the speed of light 
in water in cm/sec. 

3. A so-called shaving mirror is a spherical mirror which gives a virtual, 
magnified, erect image. What type of spherical mirror is used? What is the 
position of the object with respect to the principal focus of the mirror? 

4. Many automobiles and trucks use rear-view mirrors mounted on the 
side of the car which give small, virtual erect images. What type of spherical 
mirror is used? 

6. A lens is used to project an enlarged image of a slide on a distant screen. 
What type of lens must be used? What is the relative position of the slide, 
used as the object, with reference to the principal focus of this lens? 

6. What is the relative position of the photographic film in a camera with 
respect to the principal focus of the lens? 

7. In many types of cameras, the image is focused on the film by moving 
the lens with respect to it. In which direction should the lens be moved with 
respect to the film when the object gets closer to the camera? 

8. Compare the eye and the camera as optical instruments, pointing out 
similarities and differences between them. 

9. Discuss the reasons for using very large mirrors as objectives for tele¬ 
scopes. 

10. If you examine a microscope which has different objectives for high- 
power magnification and low-power magnification, you will notice that the 
high-power objective uses a lens of much smaller diameter. Can you account 
for the use of such small lenses? 



CHAPTER 


Communication 


1. Modes of Communication 

The welfare and progress of individual human beings and of our 
social organization are dependent upon our ability to communicate 
intelligence. The art of communication dates back to the dawn of 
civilization, but the science of communication has a more recent history. 
Of the many different modes of communication in use, probably the 
most common one is the production of various types of sounds; its most 
highly developed form is speech used to express thoughts, ideas, and 
emotions. Another common form is the use of visual means of com¬ 
munication; these include smoke signaling, blinking and interruption 
of light beams, the use of colored lights, the use of written and printed 

characters, symbols, and words. 

The development of science has made available new methods for 
transmitting communications, new materials for use in transmitting, 
receiving, recording, and reproducing communications, and it has 
made possible greater speed and greater accuracy in communication. 

The invention of the telegraph over one hundred years ago by 
Joseph Henry and Samuel F. B. Morse is an outstanding example of the 
application of newly developed scientific principles and instruments to 
communications. By connecting distant points with conducting wires, 
it is possible to transmit messages within minutes instead of days or 
weeks. In the early form of telegraph, one operator would transmit 
signals by opening and closing a key in the electrical circuit, thereby 
producing an interrupted current in it. At the receiving end, this 
interrupted current operated an electromagnet which controlled the 
position of a pencil against a piece of paper being pulled past it by 
clockwork. Holding down the key for a comparatively long time interval 
produced a long line or dash on the paper, while holding down the key 
for a short interval produced a short line or dot. These dots and dashes 
could be spaced to conform to any code. After a while the operators 
became so skillful that they could get the message merely by listening to 
the sound made by the electromagnet. The paper and pencil record 
was then dispensed with, but the terms dot and dash are retained. 
Although improved forms of the early type of telegraph are still in use, 
the modern telegraph employs a much more complicated system. 
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The telephone, invented by Alexander Graham Bell in 1876, 
represented the next great advance in the science of communication. 
The principle of electromagnetic induction, discovered in 1831 by 
Joseph Henry and Michael Faraday, formed the basis for the operation 
of the early telephone. 

The next great development in the science of communication was 
the invention of wireless telegraphy and its development into the modern 
radio. The groundwork for this development was laid by James Clerk 
Maxwell and Heinrich Hertz. As has already been mentioned, the 
existence of electromagnetic waves was predicted by Maxwell in 1864 
on the basis of his theoretical work in electromagnetism. In 1887 Hertz 
demonstrated the existence of these waves experimentally. Marconi 
in 1896 patented a system for transmitting signals by means of electro¬ 
magnetic waves without the use of wires. Several years later wireless 
signals were transmitted across the Atlantic Ocean. The growth of 
wireless into modern radio communication has proceeded at an ever- 
increasing pace. 


2. The Telephone 

The early form of telephone consisted of a transmitter, a receiver, 
and two connecting wires. The receiver and transmitter were identical 
in construction, as shown in Figure 1. Each consisted of a permanent 



magnet with a coil of fine wire wound around it near one end, and a thin, 
soft iron diaphragm D held firmly a short distance from it. Two wires 
connecting the coils of the receiver and transmitter constituted the 
transmission line. There was no battery or other type of electric gener¬ 
ator in the circuit. The power needed to operate this telephone system 
was supplied by the voice of the speaker. 

Suppose that the instrument at the left in Figure 1 is used as the 
transmitter and the instrument on the right is used as the receiver. 
Sound waves coming from the speaker set the flexible diaphragm D\ 
into vibration. As it vibrates in the magnetic field of the permanent 
magnet, it produces changes in this magnetic field; as the soft iron 
diaphragm moves toward the magnet, the strength of the magnetic 
field is increased; as it moves away, the strength of the magnetic field 
is decreased. This changing magnetic field induces an alternating 
electromotive force in the coil wound on the magnet. This induced 
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electromotive force produces an alternating current in the circuit, which, 
of course, includes the coil on the magnet of the receiver. The magnet of 
the receiver always exerts a force of attraction on the soft iron diaphragm 
D>. The alternating current in the coil now gives rise to an alternating 
magnetic field which first strengthens and then weakens the magnetic 
field due to the bar magnet and causes the diaphragm D 2 to vibrate in 
a manner similar to that of the transmitter diaphragm D x . The vibra¬ 
tions of the diaphragm D 2 produce sound waves in air which can be 
detected by the ear of the listener. Since the receiver and transmitter 
are identical, a two-way conversation can be carried on with this system. 

The early type of telephone was severely limited because it made 
no use of a source of electric power other than that provided by the voice 
of the speaker. Such telephone systems have their limited applications 
today; they are used for communication between different parts of a 
house or office, and are used in some types of military field telephones. 
They can be used over longer distances nowadays because of the im¬ 
proved magnetic materials available. However, the modern telephone 
system uses different types of instruments for the receiver and the trans¬ 
mitter, and employs batteries and generators for sources of electric 
power.* The modern telephone receiver does not differ appreciably from 
the early type except that the permanent magnet is bent in the form of a 
U and has a coil of fine wire wound on each arm of the U. These two 
coils are connected in series. The principle upon which its operation is 
based is identical with that of the earlier type. 

The modern form of transmitter or ?nicrophone consists of a 
cylindrical box containing granules of carbon C in contact with the two 
faces of the cylinder as shown in Figure 2. Direct current from a battery 


Line 


B flows through these carbon granules 
and through the primary coil P of a f 
step-up transformer. The secondary coil 

S of the transformer is connected through . /pi- lL - 

the transmission line to the receiver. The ^ rg|g |3 g Line 

diaphragm D is fastened to one face of B §1 g 

the cylinder containing the carbon gran- ol-||||-3 Cl—12®. 

ules Sound waves from the voice of the 

speaker cause the diaphragm to vibrate, F,o. 2. Te.ephon^t^srnitter 

and this vibration in turn varies the pres¬ 
sure on the carbon granules. The resistance of the conducting path 
containing the carbon granules varies with the pressure; hence the direct 
current in the circuit fluctuates in value as the disk vibrates. These fluc¬ 
tuations in the current through the primary coil produce fluctuations in 
the magnetic field through the secondary coil and induce alternating 
currents in it which are transmitted through the line to the receiver. Fig¬ 
ure 3 is a photograph showing the modern telephone handset in cross 
section; both the receiver and the transmitter are contained in it. 


Fig. 2. Telephone transmitter 
or microphone. 
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3. Radio Waves 

Hertz was the first to produce electromagnetic waves of the type 
used in radio transmission. The method of producing these waves is a 
very simple one. We know that a current always has a magnetic field 
associated with it. In addition, wherever there are electric charges there 
must be an electric field which manifests itself by the fact that if any 
charge is placed in the region where the electric field exists, it will ex- 



Fig. 3. Photograph showing in cross section the Bell System modern telephone 
hand set. The transmitter is at the left and the receiver is at the right. 

(Courtesy of the Bell Telephone Laboratories.) 


perience a force. If a current in a circuit is changed, the magnetic and 
electric fields associated with this current will also be changed. Maxwell 
pointed out that these changes in the electric and magnetic fields do not 
occur instantaneously and simultaneously at all points outside the circuit; 
it takes a short time tor these changes in the magnetic and electric fields 
to be propagated from the circuit. As a matter of fact, Maxwell pre¬ 
dicted that these changes are propagated with the speed of light, a fact 
which has since been verified by actual experiment. 

I o transmit energy by means of electromagnetic waves, it is 
necessary merely to set up a rapidly alternating current in a circuit. 
The greater the frequency of these alternations, the greater is the per¬ 
centage of the energy which is radiated. If the alternations of the 
current in the circuit take place one million times per second, the fre¬ 
quency of the electromagnetic wave, or radio wave, emitted by this 
circuit, is also one million cycles per second. These waves travel with 
the speed of light c. If/is the frequency of the wave, that is, the number 
of waves which pass a point per second, and if each wave has a length Z, 
then the distance traveled by the wave in one second is fl. But this is 
also the speed of the wave, that is, 

c = fl. 


0) 
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The speed of light is 3 X 10 s meters per second. Hence an electro¬ 
magnetic wave with a frequency of one million cycles per second has a 
wave length of 300 meters. The frequencies of the electromagnetic 
waves used in broadcasting range from about 500,000 cycles per second 
to 1,600,000 cycles per second. Higher frequencies and shorter wave 
lengths are used in short-wave broadcasts, in television, and in radar. 


Fig. 4. James Clerk Maxwell (1831-1879). 
Mathematician and physicist. Put the laws 
of electricity and magnetism in mathe¬ 
matical form. These equations form the 
foundations of electromagnetic theory. 
Predicted the existence of electromagnetic 
waves and originated the electromagnetic 
theory of light. Also made outstanding 
contributions to the molecular theory of 
heat. (Courtesy of Scripla Mathernatica.) 



Although it is possible to develop high-frequency alternating current 
with an electric generator which has a rotating armature, a much 
simpler method is to set up electrical oscillations in a circuit containing 
a capacitor and a coil of wire. The simplest type of capacitor consists of 
two metallic plates separated by air or any other nonconducting material. 
In Hertz’s experiments on electromagnetic waves, the oscillator consisted 
of a capacitor C, a coil L, and a spark gap S, as shown in Figure 6. This 
circuit was connected to a high-voltage source; the voltage was large 
enough to produce a spark in the air between the terminals of the spark, 
gap. The effect of this spark was to set up electric oscillations in the 
circuit, that is, an alternating current of high frequency. 

To understand how alternating current of high frequency can be 
set up in a circuit containing a capacitor and a coil of wire, let us consider 
the initial stage of operation, say when plate A of the capacitor has been 
charged positively and B negatively by the source of high voltage. When 
a spark is produced between the terminals of the spark gap, a current is 
produced in the circuit; positive and negative ions move between the 
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terminals of the spark gap and electrons move through the wire of coil L , 
electrons leaving plate B and being added to plate A, thus effectively 
discharging the capacitor. The current is always accompanied by a 



Fig. 5. Heinrich Rudolf Hertz (1857-1894). 
With Maxwell’s electromagnetic theory as a 
basis, Hertz produced and detected electromag¬ 
netic waves and investigated many of their prop¬ 
erties. His work became the basis of the 
development of wireless telegraphy and modern 
radio. He also discovered the photoelectric 
effect. (Courtesy of Scripta Malhematica.) 


magnetic field, and since this current is changing, its magnetic field is 
also changing. According to Faraday’s law of electromagnetic induction, 
this changing magnetic field will induce an electromotive force in the 
coil L, and from Lenz’s law, we know that the induced current in the 
' c °il B will be in such a direction as to oppose the change that induced it. 
Thus once the current has been set up in the circuit, the effect of the 
coil is to maintain this current, that is, oppose any change in it. This 
property of a coil to oppose any change in the current through it is called 
its inductance. Hence the electrons will be kept in motion, thereby 
charging the plate A negatively and B positively, that is, the charges 
on the plates are now opposite to what they were when the current was 
started. As more and more charges pile up on the plates A and B, 
electrical forces are built up which oppose the addition of more charges 
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to the plates. A state is soon reached when this electric force is big 
enough to prevent more charges from coming to the plates and the 
current drops to zero. We now have two plates oppositely charged 
connected by a conductor, and the charges begin to flow again, this time 
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Fig. 6. (a) Circuit for generating electrical oscillations, (b) During one half 

of the cycle plate A becomes positively charged and B negatively charged; dur¬ 
ing the second half of the cycle, plate B becomes positively charged and A 

becomes negatively charged. 

in the opposite direction, and the above process repeats itself. The 
frequency of these oscillations depends upon two factors: one is the 
capacitance of the capacitor, which is determined by the size and shape 
of its metallic plates, and the thickness and type of nonconducting 
material between these plates; the other factor is the inductance of the 
coil, which is determined by the amount of wire used, the manner in 
which it is wound, and the amount and shape of any iron or other 
magnetic materials which may be used in forming this coil. The spark- 
gap method for producing oscillations was in practical use in wireless 
telegraphy for many years, but it has since been replaced by the 
thermionic tube method. 

4. Detection of Radio Waves 

After the radio waves have been generated and sent out into space, 
the next problem to be solved is that of receiving and detecting them. 
When an electromagnetic wave strikes a conducting material, a copper 
wire, for example, the varying magnetic field of the wave will produce an 
electromotive force in the wire, which in turn will give rise to a current. 
The current will be very small, and will be an alternating one, with the 
same frequency as the incident electromagnetic wave. This current may 
be detected by a sufficiently sensitive instrument or it may be simplified 
and then detected. The method of resonant circuits , an idea first de¬ 
veloped by Sir Oliver Lodge, is now widely used for increasing the 
current in the receiving circuit. If the wire which receives the electro¬ 
magnetic wave is part of a circuit which contains a coil and a capacitor, 
electrical oscillations may be set up in this circuit.. The frequency of 
these oscillations will be determined by the inductance and the capaci¬ 
tance of this circuit. Lodge showed that if the frequency of the incident 
radio wave is the same as the frequency of the oscillations that could be 
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set up in the receiving circuit, then the current in the circuit will be a 
maximum. The circuit is then said to be tuned to resonance with the 
incoming radio wave. 

If it is desired to receive a wave from a different transmitting 
station, all that need be done is to change the value of either the induct¬ 
ance or the capacitance of the receiver. In most modern radio sets, 
tuning to a station is done by changing the capacitance of the receiver 
until the frequency of the receiving circuit is equal to that of the trans¬ 
mitting circuit. The method of changing the capacitance of a radio 
receiver consists in rotating one set of plates of the capacitor with 
respect to the other set. 


5 . Thermionic Emission 

The development of modern radio depends to a very great extent 
on a discovery made by Edison in 1883 in his investigation of methods 
for improving the electric light bulb. Edison put a metal plate P into a 
glass tube containing a filament and evacuated the tube. The filament 
F was heated by means of a battery A as shown in Figure 7. The effect 

observed by Edison can be demonstrated by 
connecting another battery B and a galvanom¬ 
eter G in series between the plate P and one 
side of the filament F. When the positive ter¬ 
minal of B is connected to the plate, a current 
flows in the circuit and is registered by the gal¬ 
vanometer; but when the battery is reversed 
so that the negative terminal of B is connected 
to the plate, no current flows through the 
circuit. The exact nature of this effect was 
not known at the time, and Edison made no use of it. After the dis¬ 
covery of the electron by J. J. Thomson in 1897, it was shown by 
Richardson that hot bodies emit electrons. This process is known as 
thermionic emission of electrons. The explanation of the Edison effect 
is that the heated filament emits electrons into the space around it; 
when the plate is positive with respect to the filament, the electrons 
are attracted to the plate and flow through the circuit back to the fila¬ 
ment. When the plate is negative with respect to the filament, the 
electrons are repelled by the plate and no current flows in the circuit. 

The amount of current that flows in a tube of the above design 
depends upon the temperature of the filament and the voltage of the 
plate. The higher the filament temperature, the greater is the emission 
of electrons from the filament. As the voltage of the plate is increased, 
assuming it to be positive, more electrons are drawn to the plate, thus 
producing a greater current in the circuit. However, the current cannot 
be increased indefinitely by increasing the plate voltage. A limiting 
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condition is reached when the rate at which electrons are emitted by 
the filament is equal to the rate at which they arrive at the plate. To 
increase the current beyond this value it is necessary to increase the 
temperature of the filament so that the rate of emission of electrons will 

be increased. 

Since the tube has two elements in it, a filament and a plate, it is 
called a diode. Such a tube is used as a rectifier of alternating current 
and as a detector tube in a radio receiving circuit. 


6. The Rectifier 

One of the important uses of a diode tube is as a rectifier of 
alternating current. There are many electrical devices which are de¬ 
signed to operate on direct current. Many localities, however, are 
supplied with alternating current by their power station. To use these 
devices it is necessary to rectify the alternating current; one method of 
doing this is to use a diode in the circuit as shown in Figure 8. The 
primary of the transformer is connected to the supply mains; the 
secondary consists of two separate coils. The secondary in effect provides 
two transformers, one a step-down transformer to supply low voltage to 
the filament, and the other to supply the desired voltage to the plate P 
and the external device, which in this case is R . 



Fig. 8. A diode used as a recti¬ 
fier in an A. C. circuit. Direct 
current is supplied to the resist¬ 
ance It. 


Fig. 9. Action of a diode as a rectifier. 
Upper graph shows the A. C. voltage sup¬ 
plied to the diode; the lower graph shows the 
rectified current delivered by the diode. 



The action of the diode as a rectifier is shown in the graphs of 
Figure 9. The upper graph shows the A.C. voltage applied to the plate 
of the diode; the lower graph shows the direct current which flows 
through the external electrical device R. It will be noticed that whenever 
the plate becomes positive, current flows through the circuit; when it 
is negative, no current flows in the circuit. A diode used in this way is 
sometimes called a half-wave rectifier. Full-wave rectification can be 
obtained by using two diodes properly connected, or else by using a tube 
containing one filament and two plates in a properly designed circuit. 


9 
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7. The Triode 

A diode is a tube of limited uses. Lee De Forest changed the whole 
character of radio communication by adding a third electrode to the 
diode; this third electrode is called a grid , and the tube is called a triode. 
A grid consists of a metal frame containing a series of wires mounted 
on it with spaces between the wires. The introduction of the grid into 
the tube opened up many uses for the radio tube. It can be used to 
amplify small voltages and small currents; it can be used to produce 
and sustain electrical oscillations in a circuit, thus taking the place of the 
spark gap; it can be used as a detector in a radio circuit. 

From these small beginnings, a whole new field of radio tube en¬ 
gineering has been developed. Thermionic tubes now are being built 
with two and three grids, with different geometrical designs and spacings 
for the filaments, plates, and grids. Each different design of tube 
has its own special characteristics and its own fields of usefulness. 
Special tubes can be designed for special needs. It is clearly beyond the 
scope of this book to consider any but the simplest tubes and their most 
fundamental uses. Only the diode and the triode will be considered in 
this chapter. 

Some of the characteristics of a triode which make it such a useful 
tube can be obtained by studying its operation in the circuit sketched 
in Figure 10. The grid G is represented by the dotted line. A difference 

of potential is maintained between 
the grid and the filament by means 
of a small battery C. The potential 
of the grid may be made either posi¬ 
tive or negative with respect to the 
filament. The B battery maintains a 
constant difference of potential be¬ 
tween the filament and the plate so 
that a steady current flows in the 
circuit. This current consists of 
electrons which go from the heated filament through the open spaces in 
the grid to the plate and then back to the filament. Because of the 
position of the grid with respect to the filament, a small change in the 
voltage of the grid will produce a big change in the current in the plate 
circuit, as measured by the ammeter A. 

If the plate voltage is kept constant and the voltage between the 
grid and the filament is varied in small steps, we get the characteristic 
curve shown in Figure 11. The positive side of the x-axis represents 
values of the voltage when the grid is connected to the positive terminal 
of the C battery. The current in the plate circuit is plotted along the 
g-axis. As the grid voltage is varied from a small positive value through 
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zero to a small negative value, the plate current decreases from a com¬ 
paratively large value to zero. This characteristic curve shows that the 
plate current does not vary uniformly with changes in the grid voltage 
except for the central section where the graph is straight. 

If the triode is to be used as 
an amplifier, the plate and the grid 
should be operated at such volt¬ 
ages that only the straight central 
part of the characteristic curve is 
used. In this case equal changes 
in the grid voltages produce equal 
changes in the plate current; these 
changes are larger than those that 
would be produced by similar 
changes in the plate voltage. For 
example, a change in grid voltage 
of one volt may produce ten times 
the change in plate current that 
would be produced by a change of one volt in the plate voltage. 

8. Modulated Radio Waves 

The electric oscillations set up in circuits used in radio transmitting 
sets are of high frequency and constant amplitude. The electromagnetic 
waves emitted by such oscillators are continuous waves of the type 
shown in Figure 12. These waves are used as the earner of the signal 



Fig. 12. Graph of the high frequency continuous wave used 
as the carrier of the signal transmitted by a radio station. 


to be transmitted. One method of producing signals is to interrupt the 
oscillations by opening and closing the circuit for long or short periods 
of time. This interruption will cause the emission of long or short groups 

of waves similar to the dashes and dots of telegraphy. 

For the transmission of sound, the amplitude of such a carrier wave 
is changed or modulated by impressing the audio-frequency alternating 



Fig. 11. Graph showing the current 
through the circuit containing the plate 
of the triode as measured by the 
ammeter A for different values of the 

grid voltage. 
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voltages, such as that produced in a telephone line, (see Figure 13a), 
on the high-frequency oscillations in the circuit. The wave emitted by 
the transmitter, known as an amplitude-modulated wave, then has the 
form shown in Figure 13b. This is the method used in radio broadcasting 




Fig. 13. (a) The variations in current, such as that produced 

in a telephone circuit by sound, which are superimposed on 
the carrier wave of the transmitting station resulting in the 
modulation of the carrier wave as shown in (h). 


by stations whose carrier waves are in the range of frequencies from 500 
to 1,700 kilocycles per second. The amplitude-modulated wave which 
is radiated by the antenna of the transmitting station may reach a 
receiving set some distance away. 

The path followed by the electromagnetic wave that goes from the 
transmitter to the receiver depends upon the frequency of the wave and 
upon the location of the receiver relative to the transmitter. For fre¬ 
quencies in the ordinary broadcast range and for receivers not too far 
removed from the transmitter, the radio wave travels near the surface of 
the earth, with the ground acting as a guide for these waves. The re¬ 
ceivers, which are far removed from the transmitter, receive a wave which 
has traveled up into the atmosphere and has been reflected from a 
conducting layer of air, one of the ionized layers of air in the ionosphere 
(see Figure 14). The height of any one of these layers varies with the 
time of day, with the time of the year, and with such conditions as the 
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amount of radiation it receives from the sun and from other regions of the 
sky. Short waves, such as those used in high-frequency broadcasts to 
foreign or very distant stations, travel to the higher ionized layers before 




Fig. 15. Reflection of radar signal from the moon. The high peak 
on the left of the pattern as seen on the oscillograph shows the trans¬ 
mitted pulse and the small peak on the right shows the pulse re¬ 
flected from the moon to the radar receiving set. (Courtesy, U.S. 

Army Photographs.) 
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being reflected to the earth. Very short waves or ultra-high-frequency 
waves travel in straight lines from the antenna of the transmitter to 
the receiver. Very little of the energy traveling up into the atmosphere 
is reflected back to the earth. These waves, which are a few meters in 
length, are used for broadcasting frequency-modulated waves (FM) and 
for transmitting television. Radar utilizes waves less than a meter long; 
these waves also travel in straight lines from the transmitter. Radar 
waves penetrate the atmosphere very readily and have already been used 
in sending signals to the moon (see Figure 15); these signals were 
reflected from the moon back to a receiver on the earth. Modern 
sensitive short-wave receivers have been detecting short radio waves of a 
few centimeters’ length transmitted directly from the sun. An analysis 
of the origin of these waves will undoubtedly help us to understand the 
processes which take place on the sun. 

9. Simple Radio Receivers 

A radio receiver has to do more than just receive an electromagnetic 
wave; it must be able to select the wave which has the desired frequency 
from among all the waves which it receives; it must show in some visible 
or audible manner that it has received this wave and must communicate 
the intelligence carried by the signal. In radio receivers what is desired 
is a good reproduction of the sound that is broadcast from the studio. 
If the signal which reaches the receiver is an amplitude-modulated high- 
frequency wave, the receiver must demodulate the wave and send out the 
audio signal or sound which was impressed on the carrier wave. 



Fig. 16. A simple radio receiving circuit. 

One of the simplest types of receivers is shown in Figure 16. There 
is no battery in this circuit; all of the energy comes from the radio 
wave. When this wave strikes the antenna, which may be simply a long 
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wire with one end connected to ground, an electromotive force is in¬ 
duced in the wire, giving rise to an alternating current of the same 
frequency as the carrier wave. The alternating magnetic field due to 
the induced current induces an electromotive force in the neighboring 
coil of wire of inductance L. This inductance is connected to a variable 
capacitance C; the latter is varied by rotating one plate with respect 


Current 


Fig. 17. Action of a crystal in a detecting circuit, (a) Graph of 
the incoming modulated wave, (b) Rectified current delivered by 
crystal, that is, the current in the positive direction is much 
greater than in the negative direction, (c) The current through 

the telephone. 


to the other. That particular alternating current in the circuit will have 
a maximum value if its frequency is the same as the frequency of the 
oscillations that could be set up in this circuit itself. Thus the LC part 
of the circuit acts as a selector or tuner. The amplitude-modulated high- 
frequency alternating current travels around the rest of the circuit. The 
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crystal, such as galena or iron pyrites, has the peculiar property of having 
a greatei* electrical resistance when the current is in one direction than 
when it is in the opposite direction. In effect, it acts as a rectifier since 
the current is much greater during the positive half of the cycle than 
during the negative half, as shown in Figure 17b. Part of this rectified 
current goes through the coils of the telephone receiver, creating a 
rapidly varying magnetic field which exerts a force on the iron diaphragm. 
Because of the inertia of the diaphragm, it does not respond to the in¬ 
dividual variations in the high-frequency current but gives a type of 
average response such as that shown in Figure 17c. It will be recalled 
that the original method of producing this amplitude-modulated wave 
was to superpose an audio-frequency current on the carrier or high- 
frequency continuous wave. We may therefore look upon the current 
which has gone through the crystal as consisting of an audio-frequency 
current superposed on a high-frequency carrier current. The audio¬ 
frequency current goes through the telephone receiver, while the high- 
frequency current goes through the capacitor C\, sometimes called a 
by-pass capacitor. The current through the telephone receiver will be 
very similar in form to that which was produced in the telephone trans¬ 
mitter at the transmitting end. 

A crystal used as above is sometimes referred to as a crystal detector. 
It went out of vogue for a while after the development of the diode tube, 
but it is now back in use again in many types of circuits. One of the 
limitations of the simple crystal receiver circuit described above is that 
the energy needed to operate it must come from the radio wave and this 
is very small indeed. With the development of the triode and other 
electronic tubes, it became possible to add energy to the incoming signal 
from local sources of power such as batteries or generators. The design 
of radio receivers is now a part of applied physics or engineering. The 
different types of circuits that can be used and the types of tubes avail¬ 
able are legion. The fundamental ideas upon which these circuits are 
based can, however, be illustrated with a simple three-tube receiver such 
as that shown in Figure 18. 

An amplitude-modulated high-frequency or radio-frequency wave 
from a transmitting station strikes the antenna of the receiver and sets 
up a high-frequency current in it. This current induces a current in the 
coil Z/, which is connected between the grid and filament of a triode set 
up as an amplifier. Generally there are many waves of different fre¬ 
quencies from different broadcasting stations striking the antenna at the 
same time. To select one station only, the capacitance C is varied until 
the frequency of this circuit is equal to the frequency of the wave sent 
out by the transmitting station, and its signal is amplified. The first 
circuit amplifies this radio-frequency signal and passes it on to the second 
circuit, which contains a diode acting as a rectifier. This circuit cuts 
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out the negative half of the wave as shown in Figure 17. The voltage 
across the diode resistor and the current through the transformer T 
have the same form as the audio-frequency-modulated incoming wave. 



R F amplifier Deleclor A F. amplifier 

Fig. 18. A simple three-tube receiving circuit. 

This is then amplified again by another amplifier circuit so that sufficient 
current is available to operate a loud speaker. The vibrations of the 
loud speaker are then very similar to the vibrations which were originally 
supplied to the microphone at the transmitting end. 


QUESTIONS AND EXERCISES 

1. Describe the essential energy changes which take place when a person 
talks over a telephone line. 

2. Discuss the essential differences in the operations of a telephone receiver 
and a microphone. 

3. (a) Describe how oscillations are set up in a circuit containing a coil of 
inductance L, a capacitance C, and a spark gap. (b) What factors determine 
the frequency of these oscillations? 

4. Describe what is meant by resonance (a) between electric circuits and 
(b) between a radio wave and an electric circuit. State the conditions for 

resonance in each case. 

6. (a) What is meant by a carrier wave; (b) by an amplitude-modulated 

WftV6? 

6. A radio station broadcasts on a frequency of 500,000 cycles/second. 
What is the wave length of the radio wave emitted by this station? 

7. One type of radar transmits a wave 10 cm long. Determine the frequency 

8. Compare a radio wave of 10 cm length with (a) an infrared ray, (b) visible 
light, *(c) ultraviolet light. Note similarities and differences. 

9. Describe the essential types of energy changes which take place when 
music is broadcast from a studio and then received through a radio in your home. 
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chapter XI Structure of the Atom 


1. Atomic Energy at Our Disposal 

The explosions of the atomic bombs over Hiroshima and Nagasaki 
in 1945 startled the world. People today must begin to realize the 
tremendous changes in our lives that will be produced within the next 
twenty-five years as a result of the success that scientists have had in 
making atomic energy available. Atomic bombs are only small, compact 
bundles of energy that can be transported to a desired locality and 
and released in a very short instant of time. Much more of this atomic 
energy under proper control, will become available for mankind in the 
ensuing years as scientists turn from the demands of war to the needs of 
peace One should not expect that atomic energy will replace the other 
forms of energy but, rather, that man will use it as an additional source 
of energy to raise his standard of living and to make life more livable 

t ^ G ^e s tory of atomic energy need not be traced back to antiquity, 
but it does go back more than half a century to the discovery of radio¬ 
activity in 1890 by Henri Becquerel (1852-1908). He found that a 
chunk of uranium salt emitted radiant energy spontaneously and con¬ 
tinuously. This same element, uranium, appears about fifty years later 
as one of the essential constituents of the atomic bomb. A period of 
forty-three years was to elapse before the method of using the uranium 
for the release of large amounts of atomic energy was discovered. During 
these forty-three years there was a tremendous increase in the work of the 
physicists and chemists of the world on the problem of atomic structure, 
but research was interrupted during World War I when scientists 
were called upon to solve some of the urgent problems of the war. In 
the interval between the two wars, scientists again turned their atten¬ 
tion to fundamental problems of science as distinct from applications of 

known scientific facts. , . . . , ,. 

Returning to our story of atomic energy, the original observation 

of Becquerel was that uranium emitted radiations which could blacken 
a photographic plate. He later observed that these radiations could also 
ionize the air that is, produce positive and negative ions from the neutral 
oxygen and nitrogen molecules of the air. The amount of ionization 

315 
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produced could be measured by means of an electroscope. The first 
indication that this was an atomic property and not something due to 
chemical reactions came from the simple fact that the amount of ioniza¬ 
tion produced in the air as measured by the electroscope depended upon 
the amount of uranium used and not upon the particular compound 
of uranium. 



Fig. 1. Henri Becqucrel ( 1852-1908). 
Discovered phenomenon of radioactiv¬ 
ity. (Courtesy of Culver Service.) 


The next great step came from the work of Mme. Marie Curie 
(1867-1934) and her husband, Pierre Curie (1859-1906). These two 
scientists subjected pitchblende, the ore containing the uranium, to a 
systematic chemical analysis; at definite stages in this analysis they 
measured the ionization produced by the samples which had been 
separated. As a result of this laborious work, they discovered two new 
radioactive elements in 1898. The first element was named polonium 
after Mme. Curie’s country of origin, Poland, and the second was called 
radium. Each of these new elements showed much greater activity 
than similar amounts of uranium. In the chemical analysis which led 
to its discovery, radium was not separated as a pure substance, but was 
produced in the form of a salt which was precipitated out of solution 
together with barium. The fact that many of its chemical properties 
were similar to those of barium in itself indicated that radium was a ne'% 
element different from uranium. The existence of the new element was 
further demonstrated by a study of its spectrum; this spectrum was 
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found to be entirely different from that of any other element known. It 
was not until 1910 that a sample of pure radium was prepared by means 
of the electrolysis of a radium salt. 




Fig 2. Marie Curie (1807-1934) and Pierre Curie (1859-1906). Discovered 
two new radioactive elements, polonium and radium. Mine. Curie continued 
as a leader in the field of radioactivity throughout her life. Pierre Curie had 
previously made important contributions to the subject of magnetism. (Cour- 
H tesy of Culver Service.) 


In the years following these discoveries many new radioactive ele¬ 
ments were found. Several of these are identical chemically with some 
common elements such as lead and bismuth; they differ physically in 
that they have different atomic weights and are continually emitting 
energy in the form of radiations. The radiations from these radioactive 
elements have been analyzed and found to be of three different types; 
they are designated by the first three letters of the Greek alphabet: 
alpha , beta, and gamma rays. Magnetic deflection experiments show that 
alpha rays are positively charged particles, beta rays are negatively 
charged particles, and gamma rays are uncharged (see Chapter XII). 
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Some elements emit alpha rays, and other elements emit beta rays; 
gamma rays may sometimes accompany the emission of the alpha rays 
and the beta rays. 

It soon became obvious that the old concept of an atom as the 
ultimate indivisible particle would have to be changed. Physicists and 
chemists the world over began investigating the structure of the atom. 



Fig. 3. Ernest Rutherford (1871-1937). 
Discovered the properties of alpha rays 
and beta rays. Originated the nuclear 
theory of the structure of the atom. 
Performed the first successful experi¬ 
ments on the artificial disintegration 
of nuclei. (Courtesy of Review of Scien¬ 
tific Instruments.) 


One of the very early results of this work led Rutherford in 1911 to 
postulate the existence, inside the atom, of a very small core or nucleus 
which is positively charged and which is surrounded by electrons at 
comparatively great distances from it. In the normal, electrically 
neutral atom, the total positive charge of the nucleus is equal to the total 
negative charge of the surrounding electrons. This theory was extended 
by Niels Bohr in 1913; he gave a more accurate account of the arrange¬ 
ment of the electrons outside the nucleus and the manner in which the 
atom emits and absorbs energy, particularly in the form of electromag¬ 
netic radiations. Applying his ideas quantitatively to the hydrogen 
atom, the simplest of all atoms, he not only obtained remarkable agree¬ 
ment between his theory and known experimental facts, but was able 
to predict new phenomena which were then looked for and discovered. 

The modern theory of atomic structure is based upon the Bohr- 
Rutherford theory of the atom. This theory has undergone some changes 
as a result of subsequent developments — as must be expected of every 
theory — and further modifications can be looked for as a result of the 
renewed attack on fundamental problems of physics following the end of 
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World War II, as distinct from the applications of physics which engaged 
the major efforts of scientists during the war. Some of the startling 
discoveries which have already produced changes in the older Bohr- 
Rutherford theory of the atom are the discovery of the existence of the 
neutron and the positron; the discovery of methods for disintegrating 
the nuclei of atoms; the production of new radioactive substances out of 
the common elements; and the production of nuclear fission with the 
consequent release of nuclear energy in undreamed-of amounts. It is 
this story which will be developed in this section. 

2. Atoms and Elements 

The outstanding achievement of twentieth-century physics has been 
the exploration of the atomic world, the world of the extremely small 
particles, the world beyond the view of the most powerful optical micro¬ 
scopes. Exploration of the atomic world not only has increased our 
knowledge of the properties and behavior of matter, but has also given 
the scientist new methods for the accurate control of large-scale processes, 
has helped the engineer in the development of new industries, has given 
the physician and surgeon new aids for alleviating or curing the ills of 
mankind, and has added to the enjoyment of life. And as a climax to 
all this, the atom has now become a new source of energy which will soon 

rival all existing forms of energy. 

The existence of atoms was postulated by the early Greek Atomist 
philosophers in the fifth century b.c., but the scientific basis of modern 
atomic physics was laid by the chemist John Dalton (1766-1844), who, 
in 1802 formulated the laws governing the formation of compounds from 
simpler’ substances known as elements . In formulating these laws, 
Dalton assumed that the atoms of any one element were identical in all 
respects, an assumption which modern investigations has shown to be 

only partially correct. , f 

At the time of Dalton’s work only a comparatively small number of 

elements were known. As more elements were discovered, a definite 
pattern or grouping of chemical properties among different elements was 
discerned and Dmitri Mendelejeff (1834-1907) arranged, in 1869, the 
then known elements according to their chemical properties in a group¬ 
ing known as the periodic table (see Table VI in the Appendix). Ele¬ 
ments with similar chemical properties were placed in the same vertical 
group The vacant spaces in this table indicated a strong probability 
that there were elements still undiscovered that would fit into them. 
The positions of these vacant places also indicated their probable chem¬ 
ical properties and thus aided in the search for these elements. 

The vacant spaces in the periodic table have all been filled; further¬ 
more elements beyond the heaviest then known have also been dis¬ 
covered. Some of the elements were found shortly after Mendelejeff 
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constructed the periodic table; others have been discovered only within 
the past decade as a result of the advances made in the study of atomic 
physics. Ninety-six elements are now known and there may be a few 
more. Some of the elements exist in large quantities and are quite com¬ 
mon throughout the world. Oxygen, hydrogen, silicon, nitrogen, and 
carbon are among these; others are not quite so common and are found 
only in isolated places. Among the less common but well-known ele¬ 
ments are gold, platinum, tin, uranium, and radium. 

One ot the important properties of an element is its atomic weight. 

1 he system of atomic weights used by the chemists is based upon the 
assignment of the number 16.00 for the atomic weight of oxygen. The 
atomic weights ol the other elements are measured with respect to the 
atomic weight ot oxygen. The present accepted values of the atomic 
weights ot the elements are given in Table VII of the Appendix. These 
atomic weights, which have been determined by very careful quantitative 
chemical analyses and represent weighted averages of the best experi¬ 
mental results, are reviewed periodically and changed whenever necessary 

by the Committee on Atomic Weights of the International Union of 
Chemistry. 

3. Atomic Weights and Avogadro’s Number 

I o state that the system of atomic weights is a set of relative 
numbers obtained by assigning 16.00 to the atomic weight of oxygen, and 
by comparing all other atomic weights to it, is probably not very satis¬ 
factory to most persons. They would much prefer to see a set of numbers 
accompanied by some units such as grams or pounds. We can easily 
convert the system of atomic weights into such numbers, since, as we 
shall show, a gram-atomic weight of an element contains N atoms, where 
N is the Avogadro number. A gram-atomic weight of an element is a 
weight, in grams, numerically equal to its atomic weight. Thus 16.00 gm 
is a gram-atomic weight of oxygen, 1.008 gm is a gram-atomic weight of 
hydrogen, and so forth. 

Ihe fact that a gram-atomic weight of an element contains yV atoms 
can be seen easily if we remember that the Avogadro number N was 
originally defined (Chapter VI) as the number of molecules in a gram- 
molecular weight of a substance, either an element or a compound. 
Since we are interested in atomic weights, let us restrict our discussion 
to elements. Chemists have analyzed elements in the gaseous state and 
have found that the molecules of some elements such as the inert gases 
helium, neon, argon, krypton, xenon, and radon consist of single atoms; 
these are usually referred to as monatomic gases. Chemists have also 
found that under ordinary conditions the molecules of the common gases 
such as hydrogen, oxygen, and nitrogen consist of two atoms each; these 
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are usually referred to as diatomic gases. For monatomic gases, the 
atomic weight and the molecular weight are the same. For diatomic 
gases, the atomic weight is one half the molecular weight. Thus the 
atomic weight of oxygen is 16.00 and its molecular weight is 32.00. Since 
there are N molecules in a gram-molecular weight of an element, there 
are N atoms in a gram-molecular weight of a monatomic element and 
therefore also in its gram-atomic weight; there are 2 N atoms in a gram- 
molecular weight of a diatomic gas and since the atomic weight is one 
half the molecular weight, there are N atoms in a gram-atomic weight 
of diatomic gases. It is immaterial whether one actually determines the 
atomic weight of an element by studying it as a gas or by studying it in 
any other form. A gram-atomic weight of an element will contain N 
atoms. The present accepted value of the Avogadro number is 


Jsf = 6.023 X 10 23 atoms per gm-atomic weight. 



The average weight of an atom can now easily be determined merely by 
dividing its atomic weight by the Avogadro number. Thus the average 
weight of a hydrogen atom is 1.008/A' = 1.67 X 10~ 24 gm, the average 
weight of an oxygen atom is (16/1.008) X 1.67 X 10~ 24 gm, and so forth. 
The term average weight of an atom is used here advisedly, because it is 
now known that the atoms of an element, while identical in all their 
chemical properties, may have different weights. Elements which con¬ 
tain atoms of identical chemical properties but different atomic weights 
are said to consist of isotopes. The term isotope, meaning the same place, 
was suggested by Frederick Soddy as a result of the study of the elements 
formed during the process of radioactive disintegration. Many elements 
were discovered which had identical chemical properties but different 
atomic weights, indicating that there are groups of elements occupying 
the same place in the periodic table of the elements, hence, the name 
isotope for each such element. 

The search for isotopes among the nonradioactive elements was 
begun by J. J. Thomson in 1910 and was successful in showing that neon, 
atomic weight 20.2, consists of two isotopes of atomic weights 20 and 22. 
This work was extended by F. W. Aston in England, A. J. Dempster, 
K T. Bainbridge and others in the United States, until now over 300. 
stable isotopes of the elements are known. Some elements, such as 
bismuth, consist of only a single stable isotope, while others contain two 
or more*isotopes; tin, for example, has ten isotopes. The instrument 
developed by these investigators has come to be known as a mass spectro¬ 
graph. It has been used not only for the determination of the number of 
isotopes in an element but also for the accurate determination of their 
masses and, in some cases, for the actual separation of these isotopes. 
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4. Atomic Number and Mass Number 

Instead of proceeding with the subject of isotopes, let us make a 
slightly different approach to the subject, by considering two very 
important quantities, the atomic number and the mass number of an atom. 
Originally the term atomic number was used to designate the position of 
an element in a table constructed by listing all the elements in the order 
of their atomic weights with vacant places for those elements which were 
not yet discovered but which were predicted by Mendelejeff’s table. For 
example, there were spaces left for elements with atomic numbers 43, 61, 
72, 85, 87. But later work, particularly that of H. Moseley in 1913, on 
X-ray spectra, has shown that the atomic number of an element has a 
much more important meaning: the atomic number of an element repre¬ 
sents the number of electrons outside the nucleus of the atom and also the 
number of protons in the nucleus of the same atom. 

The concept of whole numbers or integers has played a very im¬ 
portant part in the development of science and of physics in particular. 
When isotopes were first postulated, it was hoped that the atomic 
weights of the isotopes of each element would come out to be whole 
numbers, and in the early work on the separation of isotopes they were 
so represented. But with the improvements in the designs of the mass 
spectrographs, and the corresponding increase in the accuracy of the 
measurements, it was found that the atomic weights of the isotopes 
differed slightly from whole numbers. A further difficulty arose when it 
was discovered that oxygen, the basis of the system of atomic weights, 
consisted of three stable isotopes, of atomic weights 16, 17, and 18. The 
physicist resolved this difficulty by setting up a new system called the 
system of atomic masses, which is based upon the assignment of the 
number 16.0000 to the atomic mass of the lightest of the stable oxygen 
isotopes, and comparing the atomic masses of all other isotopes with it. 
Some isotopic masses are given in Table VIII of the Appendix. Most of 
the atomic masses differ slightly from whole numbers. The term mass 
number represents the whole number or integer nearest the mass of the 
isotope of the element. We shall return to the significance of these terms 
in our discussion of nuclear constitution. 

5. Properties of the Electron 

The discovery of the electron by J. J. Thomson in 1897 helped lay 
the foundations of modern atomic physics. Although the existence of 
such a particle had been inferred from other work, it was not until 
Thomson measured the ratio of the charge e to the mass m of the cathode 
ray , as it was then called, that the existence of the electron was definitely 
established. A simplified modern version of a cathode ray tube for meas¬ 
uring e/m is sketched in Figure 4. Electrons from a heated filament F 
are attracted to the positive anode A by means of a difference of potential 
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V between them. The kinetic energy which the electron acquires be¬ 
cause of this difference of potential is 




Fig 4 A cathode ray tube used for determining the ratio of the charge to the 
mass of an electron. M represents the space occupied by the magnetic field of 
strength //. This magnetic field is directed into the paper away from the 
reader. The path of an electron in the magnetic field is an arc of at ire e, after 
leaving the magnetic field, it travels in a straight line until it strikes the fluo¬ 
rescent screen at O'. 


where t> is the speed of the electron when it gets to the anode. A narrow 
beam of electrons passes through a hole in the anode; these electrons 


Fig. 5. J. J. Thomson (1856-1940) ; Dis¬ 
covered the electron. He was the first to 
separate the isotopes of non-radioactive 
elements. (Courtesy of Culver Service.) 



continue to move with constant speed until they strike the fluorescent 
screen S at O. If now a magnetic field of strength H is applied to them 
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perpendicular to their direction of motion, each electron will experience 
a force F given by 

F = Hev, (Chap. VII, Eq. 9) (3) 


and will move in a circular path of radius R determined by the relation¬ 
ship 

mv 2 

Hev = — • (Chap. VII, Eq. 20) (4) 

H 


The electron will be deflected from its original direction and will strike 
the fluorescent screen at O'. The radius R can be computed from the 
amount of this deflection, and since the velocity of the electron is known 
from equation (2), its value of e/m can be calculated. 

No matter what the source of electrons is, all measurements of 
e/m yield the same value, within the limits of experimental error. This 
value of e/m is 


or 


e/m = 1.759 X 10 7 e.m.u. of charge./gm 
e/m = 1.759 X 10 8 coulombs/gm. 



The above type of experiment does not yield the value of the charge 
or the mass of the electron, only their ratio. A different type of experi¬ 
ment has to be performed to determine either e or m separately. R. A. 
Millikan made one of the first precise determinations of the electronic 
charge e. His apparatus consisted essentially of two brass plates A and 
B about 22 cm in diameter and 1.5 cm apart with air all around them. 
These plates were enclosed in a box to shield them from air currents and 
to keep the pressure and temperature of the air in this space constant 
(see Figure 6). Small drops of oil from an atomizer were sprayed into 


X-rays 




Fig. 6. Schematic diagram of Millikan’s apparatus for 
determining the charge of an electron. 

this box and one small drop eventually drifted through the opening C 
in the upper plate A. As we saw in our discussion of the motion of 
bodies through the air (Chapter II, Section 5), the oil drop moves down 
with a limiting velocity v which depends upon its weight mg and the 
properties of the air, such as temperature and pressure. 

The motion of the oil drop is observed through a telescope and its 
velocity can be determined by timing its passage through a known dis¬ 
tance determined by the positions of two cross hairs in the telescope. 
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The oil drop is usually charged with a charge q when it comes out of the 
atomizer. If the terminals of a battery are now connected to the plates 

V 

A and B, there will be an additional force F = — q on this oil drop. By 

adjusting the voltage on the plates, this force could be made just equal 
and opposite to the weight of the oil drop. However, Millikan did not 
rely on this balance method for determining the electronic charge. Dur- 


Fig. 7. Robert A. Millikan. Made ac¬ 
curate determinations of the charge of 
an electron and of the Planck constant 
h. (Courtesy of the American Journal 
of Physics. Copyright Harris* Ewing.) 




ing these experiments he observed that every once in a while the oil drop 
would suddenly change its velocity. This change might be an increase 
or a decrease in its velocity. He reasoned that these changes in velocity 
were due to the gain of either positive or negative ions by the oil drop 
from the neighboring air. By measuring this change in velocity he could 
easily compute the quantity of electric charge added to or lost by the oil 
drop Further, he ionized the air by means of X rays and by radiations 
• from radioactive materials, and measured the gain or loss of charge from 

the change in velocity of the oil drop. 

As a result of many such measurements using oil drops of different 
weights and under a variety of conditions, Millikan concluded that in 
each case the gain or loss of charge by the oil drop was always a whole 
multiple of a fundamental charge, the charge e equivalent to that of an 
electron The charge e had the same value whether it was positive or 
negative, since a loss of a positive charge would produce the same effect 
as the gain of a negative charge by the oil drop. 
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The present accepted value of the charge of an electron is 


( 6 ) 

Combining the above value of e with the value of e/m, we get, for the 
mass of the electron, 



6. Mass Spectrograph 

As the mass spectrograph has become an instrument of very great 
precision it as gieatly influenced our knowledge of atomic physics in the 
pas e\v yeais. While there are many different designs now in use, 
essen la y t ey all attempt to separate the isotopes of a given element by 
making use of the fact that the ratio of charge to mass, E/M, of the ions 
differs though the charge E may be the same on each ion. The mass 
spectrograp is designed to operate with a source of positive ions. The 
positive ions are generally produced by an electrical discharge through a 


Fig. 8. Bainbridge’s mass spectrograph. 

gas or vapor at low pressure in a specially designed tube. They can also 
be obtained by heating a solid directly or bombarding it with electrons. 

In one type of mass spectrograph (see Figure 8), the positive ions 
enter a selector which permits only those ions to pass through which have 
the same velocity. This selection is accomplished by having the ions 
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pass between two electrically charged plates and a magnetic field at right 
angles to these plates. The selected ions then enter another magnetic 
field which makes them travel in circular paths whose radii are propor¬ 
tional to the masses of the ions. In this way the isotopes of a given 
element are separated; they can then be registered on a photographic 
plate, or recorded electrically. A typical photograph obtained with a 
mass spectrograph is shown in Figure 9. 
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Fig. 9. A photograph showing the ten isotopes of tin and the 
single one of iodine (at 127) made with a mass spectrograph de¬ 
signed by K. T. Bainbridge and E. B. Jordan. (From a photo¬ 
graph supplied by Bainbridge and Jordan.) 

The actual determination of the masses of the isotopes can be made 
from a knowledge of the magnitudes of the electric and magnetic fields 
used and the positions of the lines on the photographic plate, or, as is 
more common, by a comparison with the masses of some known isotopes. 
Not only can the atomic masses of the isotopes be measured but their 
relative abundance can be determined from the relative intensities of the 
lines on the photographic plate. 

By a suitable modification of the mass spectrograph, it can be used 
to collect the separated isotopes of an element so that each isotope can be 
used and studied separately. This ability to separate isotopes has opened 
up many interesting possibilities, particularly in connection with recent 
work on induced radioactivity and the production of nucleai energy. 


7. The Nuclear Atom 

From the large amount of data accumulated by physicists and 
chemists, particularly during this century, a fairly adequate picture of 
the structure of the atom has been evolved. This picture is not complete 
and certainly not final. Many details have to be worked into it, for 
tremendous advances in all the sciences can be expected as more ana 
more details become available as the result of scientific research. It is 
worth while sketching briefly the major outlines of the atom at this 
place, leaving to later discussions some of the finer details and the ex¬ 
periments on which they are based. 

The experimental evidence on the structure of the atom points to 
the existence of a very small positively charged nucleus at the center of 
th,e atom and a group or groups of negatively charged electrons around 

M Ucleus but comparatively far removed from it (see Figure 10). The 
mr'oi an atomic nucleus is of the order of magnitude of about 
10~ 12 cm, while the electrons are at distances of about 10 8 cm from it, 
that is, the distance of an electron from the nucleus is about 10,000 times 


* 
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the diameter of the nucleus. In spite of its small size, the nucleus is the 
most massive part of the atom, and in all cases except that of hydrogen 
of mass number 1, it contains two or more particles. On the present 



Hydrogen 

atom 



Helium atom 


Sodium atom 



Fig. 10. Schematic diagrams to illustrate the structure of atoms. The inner¬ 
most circle represents the nucleus; p is the symbol for a proton and n that for a 
neutron. An electron is represented by a small circle with a minus sign inside. 


accepted theory of nuclear constitution, the number of particles in the 
nucleus of any atom is given by the mass number of that atom. These 
particles are of two kinds, positively charged particles identified as 
protons , and uncharged neutral particles called neutrons. The number of 
protons in the nucleus is given by the atomic number Z of the atom, 
while the number of neutrons in the nucleus is given by the difference 
between the mass number A and atomic number Z, that is, there are 
A — Z neutrons in the nucleus. The only atom which has no neutrons 
is that of hydrogen of mass number 1; its nucleus consists simply of a 
proton. The nucleus of hydrogen of mass number 2, the deuteron , con¬ 
sists of 1 proton and 1 neutron; the nucleus of uranium, A = 238 and 
Z = 92, contains 92 protons and 146 neutrons. 

When the atom is in its normal state, there are Z negative electrons 
outside the nucleus so that the normal atom is electrically neutral. 
There are some physical properties and phenomena which are definitely 
characteristic of the individual atoms; some of these have already been 
mentioned above, such as atomic number and mass number. Other 
properties or phenomena which depend only upon the properties of 
individual atoms and not upon their particular physical state are the 
characteristic line spectra both in emission and in absorption, character¬ 
istic X-ray spectra, and natural and induced radioactivity. These 
phenomena must be explained in terms of the number, orientation, and 
arrangement of the subatomic particles as well as by their interaction 
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with external agencies such as radiation and other particles incident upon 
the atom. 

There are other properties and phenomena which depend upon the 
behavior of groups of atoms in groups such as molecules, or in larger 
groups like the liquid and solid states of matter. In explaining such 
phenomena one must take into consideration the influence ol one atom 
upon its neighbor as well as the interaction of large groups of atoms with 
external agencies such as radiation, electrical fields, mechanical forces. 
We may classify these phenomena as cooperative phenomena. Among 
these are the properties of elasticity, surface photoelectric effects, 
photronic effects, magnetic and electrical properties, and most of the 
phenomena studied previously in this book. 


8. The Hydrogen Atom 

Hydrogen of atomic number 1 has the simplest atoms and therefore 
has been investigated most extensively. The neutral hydrogen atom 
consists of a single positively charged nucleus, and a single electron out¬ 
side the nucleus. The nucleus of the simplest hydrogen atom, that of 
mass number 1, consists just of the single positive charge, called the 
proton ; its charge is numerically equal to that of an electron. The 
nucleus of a hydrogen atom of mass number 2 contains a proton and a 
neutron; that of mass number 3 contains a proton and two neutions. 
The extranuclear structure is the same in all three cases: there is a single 
electron outside the nucleus. The problem is to determine the behavior 
of the electron and nucleus giving rise to the properties and phenomena 
associated with the hydrogen atom. The most fruitful mode of attack 
turned out to be a study of the spectrum of hydrogen and the attempts to 

explain its origin. 



Fig 11 Photograph of the emission spectrum of hydrogen 
showing the lines in the visible and near ultraviolet regions. 
These lines constitute the Balmer series. The numbers at 
the top are the wave lengtlis of the lines expressed in ang¬ 
strom units. (Reprinted by permission from Hertzberg, 
Atomic Spectra and Atomic Structure, Dover Publications, Inc.) 


The spectrum of hydrogen consists of a series of very sharp lines of 
definite wave lengths as shown in Figure 11. Although this spectrum 
has been known for about a century, it was only in 1913 that Niels Bohr 
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first gave a satisfactory explanation of its origin. Briefly, Bohr postulated 
that these spectral lines originate in changes in the energy configurations 
or changes in the energy levels of the hydrogen atom. This postulate 
has been extended to all other atoms to explain the origin of the sharp 
spectral lines not only in the visible region, but also in the X-ray region 
or region of very short wave lengths. 

Although some of the details of Bohr’s theory of the hydrogen atom 
have been considerably modified by more recent work, it will nevertheless 
be worth while to outline this theory because of its elegance and sim¬ 
plicity, and also because of the important role it has played in the de¬ 
velopment of modern atomic physics. 


9. Bohr’s Theory of the Hydrogen Atom 

The hydrogen atom of mass number 1 consists of a positively charged 
nucleus, known as a proton, and a single negative electron moving around 
the nucleus. In the simple Bohr theory of the hydrogen atom, the elec- 



Fig. 12. Niels Bohr. Made outstanding contributions to the modem theory 
of the nuclear structure of the atom. Formulated modern theory of nuclear 
processes. (Courtesy of the American Institute of Physics .) 


tron is assumed to move in a circular orbit under the force of attraction 
between the electron and the proton. The nucleus, because of its very 
great mass in comparison with that of the electron, may be considered to 
remain at rest at the center of the circle. The energy of the hydrogen 
atom can be calculated very easily with reference to some zero level of 
energy. If we assume that the energy of the atom is zero when the elec¬ 
tron is very far from the nucleus (or, in mathematical terms, when the 
electron is at an infinite distance from the nucleus), then the total energy 
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8 of the atom when the electron is moving in a circular orbit of radius r is 
simply 

o 

( 8 ) 



V/ 

8 = “ 2 r 

where e is the charge of the electron. The minus sign indicates that as the 
electron gets closer to the nucleus, the energy of the atom gets smallei. 
Bohr’s theory of the hydrogen atom relates the changes in energy of the 
atom to the spectrum of hydrogen. An analysis of this spectrum (see 
Figure 11) shows that it consists of a series of sharp lines, each of definite 
wave length and definite frequency. In order to account for the emission 
of sharp lines, Bohr introduced two hypotheses into the theory of the 

hydrogen atom. 

The first hypothesis limits the circular orbit in which an electron 
may travel to one of a series of circular orbits, each of which satisfies a 
certain restrictive condition which may be put in the form of an equation, 

as follows: _ _ 

(9) 

in which 2irr is the circumference of the circle, mv is the momentum of the 
electron, h is the Planck constant, and n is an integer, 1, 2, 3 • • • . The 
orbits which satisfy this restrictive condition are called stationary orbits. 

The integer n is called a quantum number. 

The second hypothesis or postulate states that whenever the energy 

of an atom is decreased from its initial value £, to some final value £/, the 
atom emits radiation of frequency / in the form of whole bundles of energy 
of amount hf, and related to the energy states of the atom by the 

equation 

( 10 ) 

Each bundle of energy hf is sometimes called a quantum of energy or a 

Ph0t °U is a simple matter to calculate the radius of each permissible orbit 
and the energy of the electron in this orbit, and then to compare the 
frequencies of the radiations predicted by Bohr s second postulate with 

those observed experimentally. . 

The radii of the permissible orbits can be readily determined from 

the fact that the force F on any particle of mass m moving with velocity 

r in a circle of radius r is, from Newton’s second law of motion, 

p = _ (11) 



The minus sign indicates that the force is directed toward the center. 
In this case the force which acts on the electron is that due to the attrac- 
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tion between the positive charge e of the proton and the negative charge 
— e of the electron. If we assume Coulomb’s law of force between 
charged particles to hold at interatomic distances, then the force F is 
simply 



Substituting this value of the force into equation (11), we get 

e 2 mv 7 



Solving this equation for r, we get 

e 2 

r ~~ mv 2 



This is the equation for the radius of any orbit. To find the radius of 
a permissible orbit, we have to make use of Bohr’s first postulate, which 
restricts the orbits to those which satisfy equation (9). Solving that 
equation for v , we get 

nh 

v = — - 

Zirrm 

Substituting this value of v in equation (13), we get 

(14) 

The radii of the permissible or stationary orbits are thus given in terms 
of previously determined constants and of the integers n = 1, 2, 3 • • • . 
By substituting the known value of these constants and setting n = 1, 
we get for the radius of the first orbit 



(15) 

a result in agreement with previously determined values for the size of 
an atom. The radius of any other orbit of quantum number n is simply 
n 2 times the radius of the first orbit. 

T.he energy of the electron in any orbit can now be obtained by 
substituting the value of the radius into the equation for the energy 
derived previously, giving 

(16) 

Applying Bohr’s second postulate, we find that the frequency f of the 
radiation emitted by a hydrogen atom when its electron goes from an 
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orbit of quantum number n,- to another orbit of quantum number n fl we 
get 

_ S. ~ S/ 

J — . 9 


so that 



(17) 



This is an equation which can be checked directly with the known 
wave lengths of the lines of the hydrogen spectrum, since the frequency 
/ and the wave length L are related simply by the equation fL = c, 
where c is the speed of light. Actually Balmer had previously put the 
known wave lengths of the visible hydrogen spectrum lines into an 
equation of the same form as above, namely. 


(18) 


in which R is a constant determined empirically and n is an integer which 
takes on values greater than 2. One need only compare this constant R 
with the constants in Bohr's equation to check the value of the theory. 
The two agree to better than 1 per cent, a remarkable agreement. 

Bohr’s picture of the hydrogen atom can be represented as shown 
in Figure 13 The circles represent the permissible orbits of an electron 
around the nucleus. Each orbit is characterized by a quantum number 
n If an electron is in the orbit with quantum number 4 it may go to any 
other orbit of lower quantum number; the atom will emit a single photon 
when the electron goes to the lower orbit. If the electron goes from 
„ = 4 to n = 2 the frequency of the radiation emitted will correspond 
to one of the lines in the visible spectrum. In some other hydrogen atom 
an electron may go from orbit number n = 3 to n - 2, with the emission 

of a different line of the visible spectrum. 

A gas discharge tube containing hydrogen at low pressure contains 

a great many atoms. We have seen that by maintaining an electrical 
discharge through such a tube, it will emit light characteristic of hydrogen. 
From the foregoing analysis we can conclude that there are always many 
atoms in the tube in which electrons go from orbits of large quantum 
numbers down to orbits of. quantum number « = 2. On Bohr s theory 
many electrons should also go to orbits of quantum number n - 1. A 
simple calculation shows that light emitted by such transitions will be 
in the ultraviolet region of the spectrum. Lines in this region of he 
spectrum were looked for and, of course, found. This was one of the 
earliest additional successes of the theory. Carrying this line of reasoning 
a step farther, some electrons should jump from outer orbits to orbits 
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for which n = 3. Calculations show that such lines would be in the 
infrared region. Such lines were looked for and found. These transi¬ 
tions are also shown in Figure 13. 



n=6 


Fig. 13. The permissible orbits of an electron in a hydrogen atom. The 

nucleus is assumed to be at the center of these circles. 

10. Absorption and Emission of Energy 

It is to be expected that in a tube containing hydrogen, most of the 
atoms will be in the state of lowest energy, that is, the normal state of the 
atom. Hydrogen, however, consists mostly of diatomic molecules, with 
a relatively small number of free atoms. Because of the thermal motion 
of the molecules and atoms many collisions take place; in some cases 
these collisions produce a transfer of energy resulting in the raising of a 
few atoms to higher energy levels and perhaps ionizing a few of them. 
When a high voltage is applied to electrodes within the gas discharge tube, 
the ions of the gas acquire greater kinetic energy so that more of the 
collisions result in the production of new ions. When a steady state is 
reached there are ionized atoms and molecules and free electrons moving 
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under the influence of the electric field, neutral atoms and molecules 
which have been raised to higher energy levels but not ionized, and some 
atoms and molecules emitting radiation. According to Bohr’s theory, 
the radiation is emitted by the atoms of hydrogen when the electrons in 
these atoms jump to lower energy levels. Also, some of the free electrons 
may recombine with ionized atoms and land in some of the upper energy 
levels • radiation emitted in this process will generally be in the infrared 
region of the spectrum. From these upper levels, the electrons may go to 
the lower levels or orbits with the consequent emission of radiation. 

Another method of raising the hydrogen atom from its normal state 
to a state of higher energy is by the absorption of light from some external 
source For example, by shining ultraviolet light of the proper frequency 
onTu.be containing hydrogen it is possible to raise the electron from the 
normal state (n = 1) to the next higher state (n - 2). The atoms, on 
returning from the higher energy state to the lower energy state will 
emit light of the same frequency as the incident radiation. Or light o 
the right frequency, incident on hydrogen atoms in the normal state, will 
raise them to the state for which n = 3. Atoms in this highei energy 
state may go directly to the normal state, in which case the frequency o 
the emitted radiation will be the same as the frequency of the incident 
light- or the atoms may first go to the next lower state for which n - 2 
emitting the first line of the Balmer series and then go to the lowest 

state n = 1 with the emission of ultraviolet light. Both processes are 

probable and both occur. Light emitted by a substance which has been 
raised to’higher energy states by some external source of light is said 

bC ^ If’fight of’sufficiently high frequency is used, it is possible to ionize 
hydrogen by the absorption of this light. This is a type of photoelectric 
effect. The lowest frequency of the incident radiation which is just 
, i r • rvri ; 7 ; n p- « hvdro^en atom can be determined from Bohi s 
capable of ionizing a hy S = „ and so lvmg for/. If the incident 

TgTZ aTT" freUney, the'n the electron will be ejected from the 
hydrogen atom with an amount of kinetic energy given by 

im v* = hf-hf„ (19) 

where /„ is the smallest frequency which will ionize the atom and / is the 
frequency of the incident radiation. 

11. Discovery of Deuterium 

A eood scientific hypothesis or theory must not only be able to 
explain known experimental facts but should also be able to predict new 

«-■ The U«W ‘—"il'St 

“m. P 3 Bohr', theory ol the hydrogen .torn. There ere 
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several others, but the one of greatest importance is its use in the dis¬ 
covery of the isotope of hydrogen of mass number 2, now called deuterium. 
The importance of this discovery will become more apparent when we 
discuss the role deuterium plays in nuclear physics. 

It should be noted that until the discovery of deuterium in 1932, 
hydrogen was considered to consist of only a single isotope of mass 
number 1, and that the neutron had not yet been discovered. Precise 
measurements of the masses of isotopes and of their relative abundance 
were used to compute atomic weights, and these computed atomic 
weights were compared with the known atomic weights as given by the 
chemists. There appeared to be a discrepancy between the computed 
and known atomic weights of hydrogen; one differed from the other by 
about 2 parts in 10,000. It was suggested that this discrepancy might be 
due to the fact that hydrogen, under normal conditions, contains two 
isotopes, one ol mass number 1 and the other of mass number 2 in the 
ratio of about 4,500 to 1. 

It will be recalled that in Bohr’s theory of the hydrogen atom, it 
was assumed that the nucleus was at rest. If this assumption is removed 
and the motion of the nucleus taken into consideration, there will be a 
slight change in the calculated value of the energy of the atom. This 
change will consist in the introduction of a correction factor in the denom¬ 
inator of the energy equation; this correction factor is simply 


1 + 


m 

M 


where m is the mass of the electron and M is the mass of the nucleus. If 
there are two different nuclei in ordinary hydrogen gas, one with twice 
the mass of the other, each one will produce the spectrum predicted by 
Bohr’s theory, but the frequencies of the lines will be slightly different. 
That is, each line of the Balmer series due to atoms of mass number 1 
should have very close to it another line of the same type but very faint, 
since there are fewer atoms of mass number 2. 

H. C. Urey and his co-workers in 1932 performed a series of experi¬ 
ments on the spectrum of hydrogen in order to find the heavier isotope. 
First using ordinary hydrogen in the gas discharge tube and photograph¬ 
ing the spectrum, they found a very faint line slightly displaced from the 
intense blue line of hydrogen. On the assumption that this faint line was 
due to the presence of a small quantity of the heavier isotope in ordinary 
hydrogen, they decided to prepare a sample of hydrogen which would 
contain a greater percentage of the heavier isotope. They took liquid 
hydrogen and allowed it to evaporate; since the lighter constituent 
evaporates at a greater rate, the residue should contain a greater con¬ 
centration of the heavier constituent. They put a small quantity of the 
residual hydrogen into the discharge tube and again examined its 
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spectrum. This time they found that the displaced line due to the heavier 
isotope was much more intense and that the measured value of the dis¬ 
placement was in very good agreement with that calculated from Bohr s 
theory. They called the heavier isotope deuterium. 

Its existence once having been shown, it was a comparatively simple 
matter to produce hydrogen and compounds containing hydrogen 
enriched with large concentrations of deuterium and even to prepare 
some with deuterium only. 


12. Changes in the Picture of the Atom 

Bohr’s theory of the hydrogen atom was discussed at such great 
length to show how fruitful a good theory can be even though it is not 
correct in every detail. It soon became evident that the theory needed 
many refinements, if not drastic alterations, in order to explain the many 
empirical facts that had been discovered as a result of the im P e ^ ls given 
to physical research by the successes of the theory. In 1924, Louis 
de Broglie introduced the hypothesis that any material particle of mass 
m moving with velocity a has associated with it a wave of wave length 

given by the equation 

( 20 ) 



He came to this conclusion as the result of a critical examination of the 
relationship of the relativity theory to the quantum theory. In 1925 
Goudsmit and Uhlenbeck introduced the hypothesis that the ele ^ r °"’ 

in addition to its motion in the orbit, spins about a " axls ; "fjj® 
Earth spins on its axis in its motion around the Sun. They put forth the 
hypothesis of the spin of the electron in order to account for the sphUmg 
up of the spectral lines of an element when its atoms were acted upon by a 
strong magnetic field. The spin of the electron was also found to be 
capable of explaining the fine structure of the spectral lines of sue 
elements as sodium, rubidium, calcium, and so on Bew» of its spin 
the electron behaves as a very tiny magnet. It is this magnetic pi operty 
of the spin of the electron that is made use of in the above expUm™. 
Beginning in 1926, Heisenberg, Schrrtedinger, and D “icorporated 
the electron waves and electron spin into a new formulation °f the fun 

damental equations governing atomic p enomena. - , of 

together with a new principle introduced by Pauli forthe as®™®to f 
electrons to various levels in the atom, compietely revolut.omzedthe 

treatment of atomic phenomena and le 1 [ aP , • f i : book 

the mathematical processes are much too difficult to present n *;“bo ot 

many of the important results obtained from them can be given and 
discussed. 
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13. Arrangement of Electrons in Atoms 

The problem of arranging the electrons of an atom of atomic number 
Z is that of assigning these Z electrons to appropriate levels or groups so 
as to be in accord with the known chemical and physical properties of the 
element. Since most chemical processes involve comparatively small 
energy transformations when referred to the atomic scale, it is assumed 
that chemical properties are related to the arrangement of those elec¬ 
trons which are in the outer energy levels or groups. Therefore all 
elements in the same column in the periodic table should have atoms with 
the same outer electronic structure. Thus the elements lithium, sodium, 
and potassium, which have similar chemical properties and a valence of 
plus one, should each have a single electron in the outermost orbit, one 
that can easily be detached from the rest of the atom, leaving a singly 
charged positive ion. Furthermore, all of these elements present the 
same type of optical spectra, and an analysis of these spectra can be used 
as a guide in determining the number and arrangement of the outermost 
electrons. Similarly, the elements in the next column of the periodic 
table, beryllium, magnesium, calcium, and so on, have similar chemical 
properties, have a valency of plus two, and present similar types of optical 
spectra. Two electrons are assigned to each of the outermost levels of 
the atoms. And so on through the periodic table. The X-ray spectra, 
which will be discussed more fully later, involve comparatively large 
energy changes, and are due to changes in the electron configurations of 
the inner groups of electrons. The information obtained from a study of 
X-ray spectra is used in determining the number and the energy Associ¬ 
ated with the innermost electronic levels. The present accepted assign¬ 
ment of electrons to the various levels of the atoms is given in Table IX 
of the Appendix. 

14. X Rays 

X rays were discovered by W. Roentgen in 1895. He was operating 
a gas discharge tube at very low pressure, about 0.001 mm of mercury 
pressure, and found that fluorescence was produced in a platinum- 
barium cyanide screen placed at some distance from the tube. In further 
experiments he found that the interposition of various thicknesses of 
different substances between the screen and the tube reduced the in¬ 
tensity of the fluorescence but did not obliterate it completely. This 
showed that these U X” rays, as Roentgen called them, had very great 
penetrating power. Further experiments showed that they could blacken 
a photographic plate, and ionize a gas. 

Roentgen traced the source of the X rays to the walls of the tube. 
When an electric discharge is produced in a tube operating at a low 
pressure, the positive ions of the gas bombard the negative electrode and 
cause it to emit electrons. These electrons, or cathode rays as they used 
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to be called, acquire a very high speed within a short distance from the 
cathode and then continue across the tube. Many of these electrons 
strike the wall of the tube and cause the glass wall to emit X rays. The 
X rays travel in straight lines from the source and are not deflected by 


Fig. 14. Wilhelm Konrad Roentgen 
(1845-1923). Discoverer of X rays. 
(Courtesy of General Electric X-ray 

Corp.) 



either electric or magnetic fields. They are thus not charged particles. 
Early attempts to determine whether they were waves by performing 
experiments similar to the diffraction experiments with light were not 
conclusive. It was not until 1912 that the wave nature of X rays was 
definitely established by Max von Laue, who showed that diffraction 
effects could be produced by allowing X rays to pass through crystals. 
A knowledge of the spacing of the atoms of a crystal could be used to 
calculate the wave lengths of the X rays. They were found to be of the 
order of 10 -8 cm, the value depending to some extent upon the voltage 
of the X-ray tube. 

Within a few months after Roentgen announced the discovery of 
X rays, physicists throughout the world began to experiment with them. 
Physicians immediately recognized their value as an aid in medical 
diagnosis and experimented with them as a therapeutic agent. Becquerel, 
on the other hand, was led to a different mode of investigation. It was 
known that the walls of the gas discharge tube which produced the X 
rays also fluoresced, emitting some visible radiation. Becquerel, who had 
previously been working with fluorescent salts, decided to investigate 
the relationship between fluorescence and X rays. He proceeded to 
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investigate these salts to see if they would emit X rays after they had 
been made to fluoresce by an exposure to light. He got negative results 
in all cases but one. In this case he used a salt consisting of uranium and 
potassium sulphate; he first exposed the salt to light and then wrapped 
it in black paper and placed it below a photographic plate. After several 
hours’ exposure, the photographic plate was developed and showed a 
blackening due to radiation from the salt. Later experiments showed 
that these radiations came from the uranium and that exposing it to 
light had nothing to do with the result. The rest of the story has been 
detailed at the beginning of this chapter and will be carried further in 
the next chapter. Here we shall consider X rays in greater detail. 


15. X-Ray Tubes 

As mentioned above, X rays are produced whenever a stream of 
electrons strikes a substance. Two types of X-ray tubes are in general 
use today. One of these, illustrated in Figure 15, is an adaptation of the 



Fig. 15. A gas discharge X-ray tube. 

early type of gas discharge tube used by Roentgen. When a high voltage 
from an induction coil or step-up transformer is applied to the electrodes 
of the tube, the gas is ionized. The pressure of the gas (usually air) in the 
tube is sufficiently low so that many of the positive ions bombard the 
cathode C, causing it to emit electrons. These electrons come out per¬ 
pendicular to the surface of the cathode, and by curving the cathode C, 
the electrons can be focused onto a small spot of the anode T. The 
result of the impact of the electrons on the anode causes it to emit X 
rays. In most X-ray tubes used for industrial and medical purposes, a 
heavy metal such as tungsten is made part of the anode. There are two 
reasons for this. Less than 1 per cent of the energy supplied to such a 
tube is converted into X rays; the rest is converted into heat. Metal 
with a high melting point is thus desirable as the target for the electrons. 
The second reason is that the intensity of the X rays emitted by an 
element depends upon the atomic number of the element. Hence the 
target part of the tube should be made of an element of high atomic 
number. The atomic number of tungsten is 74. 

The second type of X-ray tube is a highly evacuated tube and uses 
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the thermionic emission from a heated filament as the source of electrons 
(see Figure 16). A high voltage applied to the terminals of the tube 
accelerates the electrons to the target; the target then becomes the source 


PYREX GLASS 


ELECTRON 



Fig. 16. A modern Coolidge-type X-ray tube. (Courtesy of General Electric 

X-ray Corp.) 


of X rays. This tube differs from the gas discharge tube in that no gas 
should be present inside it. This type of tube, sometimes referred to as a 
Coolidge type of X-ray tube, has one advantage over the gas type of tube, 
that is, the greater ease in controlling its current and voltage. 

Tubes of the above types have been operated at voltages ranging 
from a few hundred to about a million volts, depending upon the purpose 
for which the X rays are to be used. X rays produced by high-voltage 
tubes have great penetrating power. A high voltage across a tube means 
simply that the electrons strike the target with high energies. If V is the 
voltage of the tube, and e is the charge of the electron, the energy of the 
electron striking the target is eV. This energy is frequently expressed in 
electron volts; thus, in a tube operating at 100,000 volts, the energy of the 
electrons striking the target is 100,000 electron volts. 

A new device called a betatron has recently been developed by D. W. 
Kerst; this device can be used as a source of high-energy electrons and 
of high-energy X rays. Some betatrons at present in operation can 
produce electrons, and hence X rays, of 100 million electron volts (100 
Mev) energy. Modified forms of this betatron capable of operating at 
much higher energies are now under construction. The betatron consists 
of a doughnut-shaped vacuum tube placed between the poles of a large 
electromagnet. Electrons are emitted from a heated filament F and 
accelerated by a small difference of potential through a grid G (see Figure 
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17). An alternating magnetic field is applied perpendicular to the path 
of the electrons. This arrangement produces two effects: the electron 
is made to travel in a circular path of radius r perpendicular to the mag- 



Fig. 17. Path of an electron in a betatron tube. 

netic field, and since the field is changing, the induced voltage produced 
by this changing magnetic field gives the electron additional energy. 
Each electron makes several hundred thousand revolutions while the 
magnetic field is increasing from zero to its maximum value. During 
each revolution the electron gains additional energy, and when it has the 
desired amount of energy another magnetic field is used to pull the 
electron out of its circular path so that it strikes the back of the plate P, 
which acts as the target and is the source of the X rays. 

An unusual feature of the betatron as an X-ray tube is the fact that 
the X rays, instead of coming out in all directions from the target P , come 
out in the forward direction, that is, in the direction in which the electrons 
are moving when they strike the target. The X rays are practically 
confined to a very small angle, from 2° to 15°, with respect to the 
forward direction. The efficiency of the betatron as an X-ray tube is 
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much higher than that of a conventional type of X-ray tube. In one 
betatron, operated at 20 Alev, about 05 per cent of the electron energy 
was converted into X rays. 


Fig. 18. The 100,000,000 electron volt betatron. The betatron tube is in the 
center between the poles of the large electromagnet. (Courtesy of the General 

Electric Company.) 

There will undoubtedly be many practical applications of these 
high-energy X rays to industry and medicine. They have already been 
used, and will continue to be used, for the study of atomic phenomena, 
particularly those associated with the structure of the nucleus and the 
release of nuclear energy. By a suitable modification of the betatron, 
the high-energy electrons may be deflected out of their circular paths 
and conducted out of the tube. The betatron then becomes the source of 
high-energy beta rays for the study of atomic and nuclear phenomena. 

16. X Rays as Waves 

Although X rays were discovered in 1895, the fact that X rays are 
propagated as waves in a manner similar to that of light was first defi¬ 
nitely established in 1912 by the experiments of von Laue on the diffrac¬ 
tion of X rays by crystals. It will be recalled that the existence of a wave 
motion can be definitely established only when it is possible to produce 
the phenomena of interference and diffraction. Earlier experiments on 
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the diffraction of X rays through a narrow slit were inconclusive but they 
did indicate that if X rays were waves, their wave lengths should be of 
the order of magnitude of 10 -8 cm, that is, about one five thousandth of 
the wave length of visible light. Therefore, to produce diffraction effects, 



Fig. 19. Experimental arrangement for obtaining the dif¬ 
fraction pattern produced by a crystal. A narrow pencil of 
X rays from the target T goes through the slits S\ and S 2 and 
strikes the crystal, in this case a crystal of salt. The dif- 
fraeted X rays then strike the photographic plate P. 


the diffracting centers should have spaeings of this order of magnitude. 
From the study of crystallography it was known that many common 
substances, such as salt (sodium chloride) and zinc blende (zinc sul- 



Fig. 20. The Laue type of X-ray diffraction pattern produced 
by a crystal of rock salt. (From photograph by J G. Dash.) 


phide), occur in the form of crystals which consist of an array of atoms 
or ions with spaeings of the above order of magnitude. It occurred to 
von Laue to use such crystals to produce diffraction of X rays. In his 
first experiment, a narrow pencil of X rays was sent through a thin 
crystal of zinc blende (see Figure 19), anti then allowed to strike a photo¬ 
graphic plate. The resulting photograph showed not only the intense 
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central image, but also a regular arrangement of other spots which were 
produced as a result of the diffraction of the X rays by the crystal. From 
a knowledge of the structure of the crystal and the angles at which the 
rays were diffracted, the wave lengths of the X rays could be measured. 
Figure 20 shows a photograph of the Laue type of diffraction pattern 
obtained by passing a narrow pencil of X rays through a thin crystal of 
rock salt (sodium chloride crystal). 

An arrangement in which a crystal is used to produce an interference 
pattern with X rays is that used by W. L. Bragg and shown in Figure 21. 


S, | S 2 


Fig. 21. A single crystal X-ray spectrometer. 

A narrow beam of X rays is allowed to strike the surface of a crystal at 
some angle A. We can imagine the crystal as made up of a series of 
planes parallel to the surface, each plane containing man}' atoms or ions, 
depending upon the crystals. Some of the X rays will be scattered by the 
atoms in the first layer, some by the atoms in the second layer, and some 
by the atoms in the deeper layers. The electrons in the atoms are set 
into vibration by the X rays; these atoms then act as sources of X 
rays, sending them out in all directions. Wherever these scattered X rays 
meet in phase they will reinforce each other and produce an intense 
beam. The condition that must be satisfied for these waves to reinforce 
each other is given by the simple condition that 

( 21 ) 

where L is the wave length of the incident X rays, d is the distance be¬ 
tween atomic planes and A is both the angle between the incident ray 
and the atomic planes and also the angle between the scattered ray and 
the atomic planes (see Figure 22). Here n is an integer called the order 
of the spectrum. The above equation is known as the Bragg equation. 

The Bragg equation shows that at any one setting of the crystal, 
that is, for a given value of the angle A between the incident beam and 
the crystal surface (or atomic planes), only a single wave length will be 
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scattered at an equal angle A to the surface of the crystal (for n = 1). 
If the crystal is turned to a new position so that the incident angle is now 
different, say A lf a new wave length (for n = 1) will be scattered at this 



Fig. 22. X rays penetrate a crystal and are reflected from different atomic 
planes. The dots represent the positions of the centers of atoms or ions in the 
crystal. The lines represent the traces made by atomic planes which are 

perpendicular to the paper. 


new angle A\. Thus the spectrum of the incident X-ray beam can be in¬ 
vestigated very simply by means of a crystal spectrometer, such as that 
shown in Figure 21. The crystal C is mounted on a table which can be 
rotated through known angles. A beam of X rays from the target T of 
some X-ray tube is allowed to pass through two narrow slits Si and S 2 and 
strike the crystal at some angle A. The rays coming from the crystal 
then strike a photographic plate P. As the crystal is rotated through 
different angles, those X rays whose wave lengths satisfy the Bragg 
equation will reach the photographic plate P and produce an intense 
blackening of the plate. From the positions of these blackened regions 
of the plate, the angle A, and hence the wave lengths of the X rays, can 
be determined, provided the distance d between atomic planes is known. 

In some spectrometers, the photographic plate is replaced by an 
ionization chamber. The X rays enter the ionization chamber (see 
Figure 23) through a thin window W, usually made of mica or aluminum, 
and ionize the gas in the cylinder C. A difference of potential of about 
100 volts is maintained between the metal cylinder C and the metal rod 
/?, which is inside the cylinder and insulated from it. The number of ions 
formed in the gas by the passage of the X rays through it depends upon 
the intensity of the X rays. Because of the difference of potential be¬ 
tween C and R, the positive ions of the gas go to the negatively charged 
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rod R, and the negative ions go to the positively charged cylinder C. A 
sensitive current-measuring device E such as an electrometer is used to 
measure this ionization current. Or the rod R may he connected to the 


C 



Fig. 23. An ionization chamber. 

grid of a thermionic tube which is part of an amplifier circuit, and the 
ionization current may be amplified until it can be measured with an 
ordinary galvanometer. 

17. X Rays and Crystal Structure 

The phenomena of X-ray diffraction and interference can be used 
and are being used extensively for the investigation of the structure of 
crystals. From the Bragg equation it is obvious that if X rays of known 
wave lengths are used, the distances between diffracting centers in a 
crystal can be determined from a study of the diffraction and interference 
patterns. 

Some crystals used extensively in the measurements of X-ray wave 
lengths have been carefully studied by both X-ray and other crystallo¬ 
graphic methods, and their structure is very well known. Rock salt 
(sodium chloride) and calcite (calcium carbonate) are two such crystals. 
Rock salt, a cubic crystal (see Figure 24), consists of sodium ions (Na + ) 
and chlorine ions (Cl - ) at the corners of cubes, each sodium ion 
surrounded by six chloride ions and each chlorine ion surrounded 
by six sodium ions. The spacing between ions, and hence between 
atomic planes parallel to the cubic faces, is d = 2.814 X 10~ 8 cm, or 
2.814 Angstrom units. Such a crystal can be broken very easily along 
one of these planes, sometimes called cleavage planes. Calcite is a some¬ 
what more complicated crystal than rock salt. 'I he distance between its 
planes parallel to the cleavage plane is d = 3.029 Angstrom units. 

It is not always possible to obtain single crystals of the right size for 
either the Laue type of diffraction experiment or the Bragg type of 
experiments to investigate the crystal structure of a solid. It is known 
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that most solids possess a crystalline structure even when they are in 
such forms as powders, wires, or thin sheets. The individual crystals in 
these forms are very tiny; they are sometimes called microcrystals. A 



Fig. 24. The arrangement of sodium (Na) ions and chlorine (Cl) 

ions in a crystal of salt. 


very powerful method of X-ray analysis of such microcrystals was de¬ 
veloped by A. W. Hull, and by P. Debye and P. Scherrer. This method 
consists in sending a narrow pencil of X rays of a single wave length or of 
a few known wave lengths through a very small sample of the powder or 
wire (see Figure 25). The powder, for example, consists of a great num¬ 



ber of crystals oriented at random. Now there is some probability that 
one cf these crystals is oriented properly so that the Bragg equation is 
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satisfied for the incident wave length and the particular crystal spacing. 
Because of the random orientation of these crystals, there undoubtedly 
will be other tiny crystals oriented at the same angle to the X-ray beam 
but in a different plane. If a photographic plate is placed at right angles 
to the incident beam it will receive the X rays diffracted by the powder, 
not simply at a single point, but in a circle, the radius of the circle 
depending upon the angle A (see Figure 26). From an analysis of these 



Fig. 26. X-ray powder diffraction pattern of 
aluminum. (Reproduced with the permission 

of A. W. Hull.) 


circles and a knowledge of the wave lengths of the incident X rays, it is 
possible to determine the spacings of the diffracting centers of the 
crystal. This method has been used so extensively and has been so 
refined that it has become a powerful tool not only for the analysis of 
crystal structure but for the determination of the chemical composition 
of the substance as well. 

One variation of the powder method of analysis is to use a film bent 
in the form of a cylinder with the powder at its center. Holes are cut in 



VV Powder 


Fig 27 X-ray powder diffraction pattern of tungsten obtained with a photo¬ 
graphic film bent in the form of a circular cylinder. X rays from a copper 
target were used in making this photograph. (From a photograph made by 

L. L. Wyman and supplied by A. W. Hull.) 

the film so that the direct beam can enter and leave without blackening 
the plate. The type of photograph obtained when this film is unrolled 

and developed is shown in Figure 27. 
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18. X-Ray Spectra and Atomic Structure 

Investigations with X-ray spectrometers show that two types of 
X-ray spectra are emitted by every target. One type, known as the con¬ 
tinuous spectrum, depends upon the atomic number of the element 
constituting the target and upon the energy of the electrons striking the 
target. The higher this energy, the shorter is the wave length of the 
X rays emitted. The shortest wave length emitted by any target is 
given by the equation 


( 22 ) 



where L Q is the shortest wave length, f 0 the frequency corresponding to 
this wave length, and eV the energy of the electrons striking the target. 
As usual, h is the Planck constant. 

In addition to the continuous spectrum, each element emits a 
spectrum consisting of a series of sharp lines characteristic of the element 
used as a target (see Figure 28). Moseley, in 1913, made the first 
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Fio. 28. Wave lengths of the X-ray spectral lines of the K series and L series 

of silver. 

systematic study of the characteristic X-ray spectra of the elements. 
He found that all elements gave similar types of spectra; these were 
classified into two groups or series, a group of short wave length called 
the K series and a group of comparatively long wave length called the L 
series. Other investigators have found two other long wave length series, 
the M and N series in the heavier elements. 

Bohr’s theory of the hydrogen atom can be extended to explain the 
relationship between the characteristic X-ray spectrum and the structure 
of the atom emitting the radiation. The high frequencies and short 
wave lengths of the X-ray lines, as well as the high voltages needed to 
produce them, indicate that the atom undergoes large energy changes in 
emitting this radiation. It may be assumed, therefore, that these energy 
changes involve those electrons which are close to the nucleus. The fact 
that practically all elements emit lines of the K series indicates that these 
series have common origins. The same thing holds true for those 
elements which emit the L series lines, the M series lines, and so on. For 
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example, the frequency of the most intense line of the K series can be 
written in the form 

(23) 

in W’hich R is the same constant which appeared in the equation for the 
hydrogen spectrum and Z is the atomic number of the element emitting 
the line of frequency /. The interpretation of this equation is that this 
line is emitted when an electron goes from orbit of quantum number 2 to 
the orbit of quantum number 1. 

According to the present assignment of electrons to the various 
shells , or orbits , or levels of some typical atom, the level which is assigned 
the quantum number 1, also called the K level, has two electrons under 
normal conditions; orbit of quantum number 2, also called the L level, 
is filled with S electrons; orbit of quantum number 3, or M level, when 
filled, has 18 electrons, and so on (see Table IX in Appendix). An 
electron can go from orbit of quantum number 2 to orbit of quantum 
number 1 only when an electron is missing from the latter level. An 
electron may be removed from the K level by the action ot the electrons 
which strike the target of the X-ray tube. With an electron missing 
from the K level, an electron from the L level, of quantum number 2, 
may go to the K level with the emission of energy in the form of radiation 
of one of the lines of the K series. Or an electron from the M level, of 
quantum number 3, may go to the K level with the emission of a different 
line of the K series. Thus the K series of lines is emitted by an element 
when electrons have been knocked out of the K levels of many of its 
atoms. Figure 29 shows a simplified X-ray energy level diagram. In 
some atoms, electrons from the L level go to those vacant spaces in the 
K level; in others, electrons from the AI level go directly to the K level. 
Of course, if an electron goes from the L level to the K level, another 
electron from the M level will go to the L level with the emission of 
radiation giving rise to a line of the L series. T. hus the entire X-ray line 
spectrum can be accounted for on the basis of the structure of the atom 
outlined in this chapter. 

The value of the energy to be assigned to each of these energy levels 
can be determined from a knowledge of the wave length and hence from 
the frequency of the X-ray spectral lines. Suppose that we take the 
’ energy of the neutral atom as the zero level of energy. When an electron 
is removed from the K level, work has to be done against the force of 
attraction between the electron and the nucleus, and this work, which we 
shall call & K , represents the energy of the atom with an electron removed 
from the K level. Similarly, if an electron is removed fom the L level 
of a normal atom, an amount of work €>l has to be done, and this will 
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represent the energy of the atom with an electron missing from the L 
level. A similar interpretation shows that 83/ represents the energy of 
the atom when one electron has been removed from the M level. 



Fig. 29. A simplified X-ray energy level diagram to show 
the relationship between the energy of the X-ray spectral 
lines and the energy levels of the atoms emitting these lines. 

If an electron has been removed only from the K level of an atom, 
the atom has an amount of energy Z K . Suppose that an electron from the 
L level goes to the K level; the atom will then have an amount of energy 
The difference between these two amounts of energy, &k — Sz,, is 
emitted in the form of radiation of frequency / given by the Bohr fre¬ 
quency relationship: 



where h is the Planck constant. The radiation is, of course, emitted in 
the form of a quantum or photon of energy hf. 

Instead of an electron going from the L level to the K level, an 
electron may go from the M level to the K level, with the emission of 
energy &l — 8 at = hfi where f\ is the frequency of the radiation emitted. ' 
These form two of the lines of the K series. 

Actually X-ray spectra are slightly more complex than indicated 
above. This complexity can be accounted for by subdividing some of the 
energy levels of the atom. Such a detailed study, however, is beyond the 
scope of this book. 
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19. Absorption of X Rays 

One of the most remarkable and useful properties of X rays is their 
ability to penetrate various substances, even those which are opaque to 
visible radiation. In their passage through matter, some of the X rays 
are absorbed, their energy being converted into other forms, some are 
scattered out of the direct beam, and the remainder pass through the 
substance. The fraction of the X-ray energy absorbed depends upon the 
density of the substance, upon its thickness, and upon the wave length 
of the incident X raj's. When a beam of X rays is sent through a com¬ 
posite substance, the variations in intensity of the emergent beam, as 
indicated by a photographic plate, a fluorescent screen, or an ionization 
chamber, can be used to identify the nature and locations of the materials 
in the path of the beam (see Figures 30, 31, and 32). It is this property 



Fig. 30. Minute details of the structure of a flower as re¬ 
vealed by X rays. This photograph was made with “soft ” 
X rays, that is, low voltage was applied to the X-ray tube so 
that most of the energy was in the long wave length region. 
(Courtesy of General Electric X-ray Corp.) 


of the differential absorption of X rays which is of utmost importance in 
diagnostic work, and which has found many applications in various 

industries. 

We can also study in detail the processes which occur when X rays 
are absorbed by atoms and those which occur when they are scattered 
by atoms. One aspect of the latter problem has already been studied in 
connection with the scattering of X rays by crystals. Another important 
aspect is the scattering of X rays by comparatively free or lightly bound 
electrons. If an X-ray photon of energy hf, where / is the frequency, 




354 


STRUCTURE OF THE ATOM 


c Ch. XI 



Fig. 31. Radiograph of an airplane motor's crankcase showing the exact 
position and depth of studs. This type of photograph requires the use of 
“hard " X rays, that is, short wave length X rays obtained from an X-ray tube 
operated at a high voltage. (Courtesy of the General Electric X-ray Corp.) 



Fig. 32. Radiograph showing opaque barium in a stomach. 
(Courtesy of the General Electric X-ray Corp.) 
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strikes an unbound electron, it will give up some of its energy i o the 
electron. The X-ray photon will be scattered with a smaller amount of 
energy /»/', where/' is the new frequency of tho X-ray photon, and the 
electron will “recoil” with an energy 8 equal to the difference between 
the energies of the incident and scattered photons, that is, 8 = hf - hf' 


Fig. 33. A million-volt X-ray therapy unit at an Army hospital. (Courtesy 

of the General Electric X-ray Corp.) 

(see Figure 34). This effect was predicted and verified experimentally 
by A. H. Compton in 1923. In this scattering process, the X-ray photon 
definitely behaves as a particle. 

X-ray photon hf 


Fig. 34. The Compton effect. 


Another type of energy exchange takes place when an X-ray photon 
rikes an electron in one of the deeper levels of the atom, say the K level. 
11 of the energy of the photon is given up in this process; some of the 
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energy is used in removing the electron from the K level, the remainder 
is used in giving the electron kinetic energy. The simple equation 
governing this process is 

1 (24) 



This is simply the photoelectric effect with X rays. The energy of the 
photon is hf, the kinetic energy of the electron is imv 2 , and the energy 
required to remove the electron from the K level is represented by &k- 
The photoelectrons knocked out of atoms by X rays have been used to 
study not only their own kinetic energies, but also to determine the 
energies of the levels from which they were ejected. This information 
is used in conjunction with the emission spectra of X rays to determine 
the energy levels of various kinds of atoms. 


QUESTIONS AND EXERCISES 

1. Trace the relationship between the discovery of X rays and the dis¬ 
covery of radioactivity. 

2. What property of an element is denoted by each of the following: atomic 
number, mass number, Avogadro number? 

3. What is the fundamental distinction between the atomic weight of an 
element and the atomic mass of the isotope of an element? 

4. Describe (a) some phenomena which show that light is propagated as a 
wave motion and (b) some phenomena which show that light behaves as though 
it consists of corpuscles. 

5. State the fundamental postulates of the Bohr theory of the hydrogen 
atom. 

6 . Compare the frequencies of the corresponding lines in the spectra of 
hydrogen and deuterium. 

7. Describe (a) some phenomena which show that X rays have the proper¬ 
ties of waves and (b) some phenomena which show that X rays behave as 
corpuscles. 

8 . (a) What is meant by a quantum of energy? (b) What does the energy 
of a quantum depend upon? (c) Calculate the energy in a quantum of yellow 
light of wave length 6,000 Angstrom units. 

9. Using the appropriate values for the constants m, e, and h in equation 
(17), determine the frequency of the line of the ultraviolet series of hydrogen 
which is emitted when the quantum number changes from 2 to 1. 

10. Determine the radii of the first four orbits of the electron in the hy¬ 
drogen atom. 

11. Using equation (20), determine the wave length L associated with an 
electron which is moving with a velocity of 10 9 cm/sec. 

12. Using equation (23), determine the frequency of the most intense line 
of the K series of tungsten. Determine the ^ave length of this line. 
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1. Introduction 

The history of the discovery of the radioactivity of uranium by 
Henri Becquerel in 1896 and the subsequent discovery of the radioactive 
elements polonium and radium by the Curies in 1898 have already been 
told. A period of painstaking investigations by the Curies, by Rutherford 
and his co-workers, and by many others followed, a period in which the 
radiations from radioactive substances were analyzed, new radioactive 
elements discovered, and genetic relationships among these elements 
traced. These radiations were found to be valuable in therapeutic work, 
and special techniques were developed tor purifying and handling these 
radioactive materials and for using the radiations in the treatment of 
cancerous tissue. The supply of suitable radioactive materials remained 

small in spite of the great need for them. 

One of the important concepts that evolved from the work of 
physicists and chemists, particularly from the work ol Rutherford and 
his group, was the nuclear theory of the atom. In this theory, the atom 
was pictured as consisting of a massive, positively charged, very small 
nucleus, which was surrounded by comparatively distant negatively 
charged electrons moving in definite orbits and having definite energies 
in these orbits. The closest analogy, but only a poor one, would be the 
structure of the solar system. 

It was early recognized that the radiations from the radioactive 
elements came from the nuclei of their atoms and carried away compara¬ 
tively large amounts of energy. Radioactive elements were giving out 
energy continuously and undergoing nuclear transformations, most of 
which led to the formation of new atoms. The radioactive processes 
went on spontaneously without any control by the scientist. The im¬ 
portant problems that engaged the scientists as soon as the nuclear theory 
of the atom was established were these: (1) to determine the structure of 
the nucleus; (2) to understand the forces holding the nuclear particles 
together in any one nucleus; (3) to determine the conditions under which 
an atom becomes radioactive; (4) to produce new radioactive atoms; 
and (5) to release large amounts of nuclear energy under the control of 
the scientists. It is the attack on these problems that forms the sub¬ 
stance of this chapter. 
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2. Radiations from Nuclei 

The nature of the radiations emitted by radioactive elements can 
be determined experimentally by placing a small quantity of a radio¬ 
active substance R at the bottom of a long, narrow groove in a lead block 
as shown in Figure 1. A fairly parallel beam will come from this sub¬ 
stance through the narrow slit 
S; rays going in all other direc¬ 
tions will be absorbed by the 
lead block. The latter is placed 
in an airtight chamber contain¬ 
ing a photographic plate P 
above the slit S. The air is 
pumped out to avoid absorp¬ 
tion of the rays. A strong mag¬ 
netic field is applied at right 
angles to the direction of 
motion of the rays. In the dia¬ 
gram, the magnetic field is 
directed into the paper away 
from the reader. After a reason¬ 
able time of exposure, three 
distinct lines will be found after 
development of the photo¬ 
graphic plate. One line, deflected to the left in the figure, is produced 
by the aljpha rays, showing that they are positively charged. Another 
line, deflected to^the right in the figure, is produced by the beta rays , 
showing that they are negatively charged. The third line is undeviated 
and is produced by the gamma rays, showing that they are not charged. 

Normally, a sample of radioactive material is a mixture of several 
radioactive elements. When these elements are separated by chemical 
means, it is found that some elements emit alpha rays, other elements 
emit beta rays; gamma rays sometimes accompany the emission of alpha 
rays and that of beta rays. It was early surmised by Rutherford and 
Soddy that these rays come from the nuclei of atoms as a result of some 
changes in their configurations which take place spontaneously. Accord¬ 
ing to this assumption, if a nucleus emits a charged particle, its atomic 
number changes and it must become the nucleus of an atom which differs 
chemically from the original atom. For example, if we start with a small 
amount of pure radium, after a short interval of time chemical analysis 
will show the existence of several new elements which had been formed 
as a result of radioactive disintegrations. 

A careful study of the nature and properties of the rays emitted 
during radioactive disintegrations, supplemented by chemical analyses 
of the substances, has yielded valuable information concerning nuclear 



Fig. 1. Radiations from a radioactive 
substance li sorted out by the action of a 
magnetic field at right angles to the plane 
of the paper and directed away from the 

reader. 
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structure and nuclear processes. It has also shown the physicist how to 
proceed to induce nuclear changes in order to make available new types 
of atoms and new atomic processes, and has finally led to the develop¬ 
ment of nuclear sources of energy on a large scale. 


3. Nature of the Alpha Rays 

It has already been shown that alpha rays are positively charged. 
The magnitude of the charge on an alpha particle can be determined by 
counting the number of alpha particles emitted by some radioactive 
element in a given time interval and then determining the total charge 
carried by this number of alpha particles. One of the most accurate and 
useful instruments for nuclear research, known as the Geiger counter , was 
originally developed for counting alpha particles. It has since been de¬ 
veloped to the point where it can count other types of particles, such as 

beta particles, photons, and so forth. 

A Geiger counter consists of a cylinder C with a fine wire W mounted 


C 



Fig. 2. A Geiger counter. 

parallel to its axis and insulated from it, as shown in Figure 2. The 
cylinder contains a gas such as air or argon at a pressure of about 10 cm 
of mercury. A difference of potential slightly less than that necessary to 
produce a discharge in the gas is maintained between the wire and the 
cylinder. Alpha particles can enter through the aperture A, which is 
usually covered with a very thin sheet of mica, glass, or aluminum. e 
alpha particles which enter the counter ionize the gas along its path; the 
ions so formed are accelerated »'y the electric field between the wire and 
the cylinder and, in turn, produce more ions by collisions with the gas 
molecules, so that the ionization current builds up rapidly. A r ^“ 

sistance R is connected between the wire and the ground to dissipate 
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rapidly the energy of the ionization current. The effect of this is to 
produce a momentaiy current which may be registered on an electrometer 
connected at G, or it may be amplified by means of specially designed 
amplifiers so that this surge of current operates a loud speaker or a 
mechanical counter. The time required for the momentary current to 
be dissipated can be made so short that each alpha particle which enters 
the chamber is registered. 

Using this method, Rutherford and Geiger found that one gram of 
radium emits 3.57 X 10 10 alpha particles in one second. The charge 
carried by a known number of alpha particles can be determined by 
allowing them to fall on a plate connected to an electrometer which 
measures the total charge received by the plate. Dividing this charge 
by the total number of alpha particles incident on the plate yields the 
charge on an alpha particle. This charge was found to be 3.20 X 10 -19 
coulombs, or twice the charge on an electron, but opposite in sign. 

The mass of an alpha particle can be found by determining the ratio 
of its charge to its mass by sending it through a magnetic field and an 
electric field similar to the method used in the mass spectrographs. From 
the ratio of its charge to its mass, and a knowledge of its charge, its mass 
can be calculated. Its mass has been found to be 6.62 X 10 -24 gram. 
The mass of the hydrogen atom is 1.67 X 10 -24 gram. The mass of the 
alpha particle is thus four times that of the hydrogen atom. This 
strongly suggests that the alpha particle is the nucleus of the helium 
atom, since helium has an atomic mass 4 and an atomic number 2. To 
make this identification certain, a large number of alpha particles from a 
radioactive element was collected in an evacuated tube. After about 
six days, an electric discharge was passed through this tube and the light 
emitted was analyzed with a spectroscope; this showed a spectrum 
identical with that of helium. The alpha particles entered the glass tube 
through its thin walls and probably captured electrons, either in their 
passage through the glass walls or from the small amount of air remain¬ 
ing in the evacuated tube, to fill its outer ring and become neutral helium 
atoms. 

An alpha particle travels with very great speed when it is emitted 
from a nucleus. Its speed can be measured by deflecting the particle in 
a magnetic field and measuring the amount of its deflection. The speed 
of an alpha particle is characteristic of the nucleus emitting it and can be 
used to determine the energy changes which take place in the nucleus 
in the process of alpha particle emission. Although alpha particles from 
different nuclei come out with different speeds, they are usually in the 
neighborhood of 1.6 X 10 9 centimeters per second or about 10,000 miles 
per second. 

Since an alpha particle has a mass number 4 and an atomic number 
2, its emission by any nucleus results in the formation of a new nucleus, 
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that is, the nucleus of a new element. The mass number of this new 
element is four less than that of the original element, and its atomic 
number is two less than that of the original element. Thus radium, 
which has a mass number 226 and an atomic number 88, changes to a 
new element, radon, mass number 222 and atomic number 86, as a result 
of the emission of an alpha particle. Although radium is a metal similar 
to barium, radon is a gas, one of the inert gases; it can be easily separated 
from radium by pumping off the gas which constantly accumulates in 
the tube containing the radium. 

4. Nature of Beta Rays 

We have already noted that beta rays are negatively charged 
particles. By sending these particles through electric and magnetic 
fields, it was definitely proved that the beta rays are negative electrons, 
that is, they have the same charge and mass as the electrons. They are % 
emitted from nuclei with very high speeds. These speeds can be de¬ 
termined from the deflection of the beta rays in a magnetic field. The 
beta rays coming from nuclei show a continuous distribution of speeds up 
to a cetain maximum. The highest energy of any of the beta particles is 
known as the end point energy; the end point energy is characteristic of 
the nucleus emitting the beta rays. 

According to our present theory, a nucleus contains only protons 
and neutrons. To account for the emission of beta particles or negative 
electrons from the nucleus, we may imagine a neutron to break up into 
a proton and an electron, and then to have the electron ejected from the 
nucleus. However, this process is too simple to account for all the facts. 
A third particle, a neutrino , is introduced into this picture. There are two 
reasons for introducing a neutrino. One is that it is assumed that the 
energy change of the nucleus is always equal to the end point energy of 
the beta rays. Since some beta rays come out with less than this end 
point energy, the neutrino is used as the particle which takes up the rest 
of this energy. The second reason is that the electron has a spin, and in 
order to conserve the momentum — in this case, the angular or spin 
momentum of the system — there must be another particle emitted 
which has a spin opposite to that of the electron. However, although 
there is some indirect evidence, no direct experimental evidence has been 
found to prove the existence of the neutrino. 

When a beta particle is emitted by the nucleus of an atom, its atomic 
number is increased by one, thus forming the nucleus of a new element. 
However, since the mass of a beta particle is negligible in comparison 
with that of the nucleus, the new nucleus has practically the same mass 
as the parent nucleus. 
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5. Gamma Rays 

In many cases, gamma rays are found to accompany the emission 
of alpha particles and beta particles by radioactive elements. By means 
of interference and diffraction experiments similar to those used with 
X rays, it can be shown that gamma rays are of the same nature as X 
rays. The gamma-ray spectrum of any one element is a sharp-line spec¬ 
trum. Some of the longer gamma-ray wave lengths have been measured 
with a single crystal spectrometer. Most of the gamma rays have wave 
lengths which are much smaller than the usual X-ray wave lengths; 
such short wave lengths cannot be measured with any great accuracy by 
a crystal spectrometer because the angle of reflection is so small that 
it is difficult to separate the direct from the reflected rays. Indirect 
methods, such as the ejection of electrons by the gamma rays, have been 
used for determining the energies of the gamma rays. 

Just as X rays were shown to be emitted as a result of changes in 
atomic energy states, so the emission of gamma rays can be ascribed to 
nuclear energy changes. When a nucleus emits an alpha particle or a 
beta particle, the product nucleus may be left in an excited state or a 
state of high energy with respect to the state of the normal nucleus. It 
could then go to the normal state by the emission of gamma rays of 
suitable energy. One example will be given to illustrate this point. 

Radium emits an alpha particle and the product nucleus is the 
nucleus of the element radon. A gamma ray of wave length L = 0.0652 
Angstrom units has been found to accompany this emission. The energy 
of this gamma ray is 1.89 X 10 6 ev. The alpha particles emitted by 
radium have two slightly different velocities. The energies of these two 
alpha particles are 48.79 X 10 6 ev and 46.95 X 10 B ev respectively. The 
difference between these two energies is 1.84 X 10 5 ev, practically the 
same as the energy of the gamma-ray photon. This fact can be explained 
by assuming that when a normal radium nucleus emits an alpha particle 
of higher energy, the product nucleus, radon, is in its normal state; but 
when a lower-energy alpha particle is emitted, the product nucleus is 
left in an excited state and then goes to the normal state by the emission 
of a gamma-ray photon of appropriate energy. 

6. Radioactive Transformations 

The nucleus of a naturally radioactive element emits either an alpha 
particle or a beta particle; either type of emission may be accompanied 
by the emission of gamma rays. It is impossible to predict just when a 
given radioactive atom will disintegrate, but if we start with a large 
number of such atoms, the rate at which the particular radioactive 
material disintegrates is a constant independent of all physical and 
chemical conditions. The half-life period T of a radioactive element is 
the time required for half of the given quantity of the element to dis- 
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integrate. The half-life periods have been measured for all the naturally 
radioactive elements; they have a wide range of values. The shortest 
half life is that of thorium C', about 10 -9 second, while the longest is 
that of thorium, 1.39 X 10 10 years. Radium has a half-life period of 
1590 years. 

Practically all of the naturally radioactive elements lie in the range 
of atomic numbers 81 to 92. These elements have been grouped into three 
series: the uranium, the thorium, and the actinium series. Any one of 
the radioactive elements can be traced back through a series of trans¬ 
formations to the parent element of the series. The uranium series, 


Uranium series 



Fig. 3. The uranium series. The half-life periods of the 
radioactive disintegrations are expressed either in years (y), 
days (d), hours (h), minutes (m), or seconds (s). 


shown in Figure 3, starts with uranium I and goes through a series of 
transformations which involve the emission of alpha and beta particles 
in which such substances as radium, radon, and radium A are formed, 
and ending finally in a nonradioactive isotope of lead known as radium 
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G. In the figure, an emission of an alpha particle is indicated by a dis¬ 
placement to the left of two units, while an emission of a beta particle is 
indicated by a displacement to the right of one unit. The half-life periods 
are shown for each transformation. 

An interesting branching takes place at radium C. Of all the radium 
C atoms disintegrating, 99.96 per cent do so with the emission of a beta 
particle forming radium C', which then disintegrates with the emission 
of an alpha particle forming radium D. In the second branch 0.04 per 
cent of the radium C atoms disintegrate with the emission of an alpha 
particle forming radium C", and the latter disintegrates with the emission 
of a beta particle forming radium D. Nuclei which disintegrate in two 
different ways are called isomers. 

Similar interesting analyses can be made of the thorium and actinium 
series. 

Only four of the lighter elements are known to be naturally radio¬ 
active: potassium, rubidium, samarium, and lutecium. The radioac¬ 
tivity of potassium, Z = 19, has been shown to be due to the isotope of 
mass number A = 40; this isotope emits beta rays with a half life of 
14 X 10 8 years. The radioactivity of rubidium Z = 37 has been traced 
to the isotope of mass number A =87; this isotope emits beta rays with 
a half-life period of about 10 11 years. Lutecium, Z = 71, A = 176, is 
also a beta-ray emitter with a half-life period of 7 X 10 10 years. 
Samarium Z = 62 emits alpha rays and has a half-life period of 
1.2 X 10 12 years. 

7. The Wilson Cloud Chamber 

One of the most important instruments for the investigation of the 
properties of high-energy particles such as alpha particles, beta particles, 
gamma-ray photons and others, and for the study of nuclear processes, is 
the cloud chamber designed by C. T. R. Wilson in 1912. Wilson, who had 


G 



Fiq. 4. Schematic diagram of a Wilson cloud 

chamber. 


been studying the formation of fog for many years, had observed that 
supersaturated water vapor condensed readily and formed small droplets 
when ions were present in the air. One form of a Wilson cloud chamber 
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is shown in Figure 4. It consists of a cylinder C containing a gas saturated 
with water vapor, and a piston I* which may be lowered very rapidly so 
as to produce a sudden expansion of the gas in the chamber C. The 
sudden expansion of the gas causes its temperature to drop, and since it 
was originally saturated with water vapor, it now becomes super¬ 
saturated with the water vapor at this lower temperature. The super¬ 
saturated water vapor will condense and form droplets on any ions which 
may be present in the gas. These droplets may be viewed directly or 
photographed through the glass plate G which covers the top ot the 
cylinder. A strong source of light placed to one side is usually timed to 
go on just after the expansion has been completed and before the droplets 
have had a chance to diffuse through the gas. 

If a source of alpha particles is placed inside the chamber at A, the 
paths of the alpha particles through the air may be photographed (see 



Fic;. 5. Tracks of alpha particles from thorium (C + C') 
Wilson cloud chamber showing two distinct ranges. 


in a 


(From Rutherford, Chadwick A: Ellis: Radiations from 
Radioactive Substances. [Cambridge Univ. Press, England] 
Used by permission of The Macmillan Company, N. Y.) 


Figure 5). The alpha particles, in their passage through the air, ionize 
the molecules of nitrogen and oxygen along their path and give up their 
energy in the process of ionization. When the gas in the cloud chamber 
is suddenly expanded by the motion of the piston, water vapor condenses 
on these ions; when photographed, the paths ol the alpha particles be¬ 
come visible. The range of an alpha particle in the gas can then readily 
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Fig. 6. A pair of stereoscopic photographs of alpha particle tracks showing a 
collision of an alpha particle with a nitrogen nucleus which resulted in the ejection 
of a proton (light, thin track). (From Rutherford, Chadwick & Ellis: Rculialions 
from Rtulioaciive Substances. ^Cambridge Univ. Press, England]. Used by permis¬ 
sion of The Macmillan Company, N. Y.) 



Fig. 7. A pair of stereoscopic photographs of the tracks 
of a group of charged particles produced in a cloud 
chamber by the action of cosmic rays. The picture on 
the left is a direct image, the one on the right is a re¬ 
flected image. The particles were acted upon by a mag¬ 
netic field whose intensity was 7,900 gauss; the direction 
of the magnetic field is perpendicular to the paper and 
directed into it. Referring to the picture on the left, the 
three tracks on the left are electron tracks, and the three 
on the right are positron tracks. The energies of these 
particles, from left to right, are 3.5, 55, 190, 78, 70, and 
90 Mev. (Photograph by Carl D. Anderson.) 
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be measured. An accurate relationship has been obtained between the 
range of an alpha particle and its kinetic energy, so that determining the 
range of an alpha particle in air becomes a convenient way of determining 
its energy. 

The cloud chamber has been adapted for the study of various types 
of processes which produce ions in a gas. Since the paths are not always 
in the same plane, they are frequently photographed by two cameras at 
some known angle to each other; these give stereoscopic photographs of 
the paths and enable the experimenter to determine exact space relation¬ 
ships among them (see Figure 0). In many experiments on the motions 
and energies of charged particles, the cloud chambers are placed in 
strong magnetic fields which cause these particles to move in circular 
paths (see Figure 7). From a study of the radii of these circles, the 
amount of ionization along these paths, and the direction of motion, 
information concerning the mass, velocity, and the kind of charge carried 
by the particle may be determined. 


8. Discovery of the Nucleus 

An alpha particle can be looked upon as a high-speed, high-energy, 
massive projectile that can be fired at other atoms in attempts to learn 
their secrets. The energy of an alpha particle emitted by a radioactive 
element is of the order of several million electron volts, its charge is 
positive and equal to twice that of an electron, and its mass is more than 
7,000 times that of an electron. Rutherford and his co-workers, Geiger 
and Marsden, used alpha particles as atomic projectiles, firing them at 
thin metallic foils (see Figure 8) and observing the number scattered 


Incident 
alpha particles 



Scattered 
alpha particles 


Fig. 8. Alpha particles directed against a thin foil. Most of them go through 
the foil either without any deviation or with very slight deviations from the 
original direction. A few alpha particles, however, are deviated through very 

lflrcrp: angles. 


in various directions. Geiger and Marsden observed that most of the 
alpha particles went straight through the metallic foils without deviation, 
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others were scattered through small angles, and a few were scattered back 
toward the direction from which they were fired. The angles of scattering 
for these alpha particles were greater than 90°. 

The results of these experiments led Rutherford to the idea that the 
metallic foils consisted mostly of free space, since most of the alpha 
particles penetrated the foils without being deviated from their original 
paths; and that the electric charges within the atom must consist of very 
small particles widely separated from each other (see Figure 9). How- 



Fig. 9. Schematic diagram showing the paths of some 
alpha particles through a thin foil. The distances between 
nuclei (larger circles) are much greater than those shown 
here. A close approach of an alpha particle to a nucleus 

will therefore be a very rare event. 

| 

# 

ever, to account for the occasional scattering of an alpha particle through 
a very large angle, Rutherford assumed that all of the positive charges of 
the atom were concentrated in a single, small bundle of charge, which he 
called the nucleus of the atom. On this theory of atomic structure, the 
alpha particle itself must be considered as a small concentrated charge; 
it is the nucleus of a helium atom. The path of an alpha particle which 
is fired at an atomic nucleus can be readily calculated if it is assumed that 
Coulomb’s law of force between electric charges holds at the small dis¬ 
tances that must be involved when an alpha particle approaches a 
nucleus. Since the force between the two charged particles varies in¬ 
versely as the square of the distance between them, and the force is one 
of repulsion, the path of the alpha particle must be a hyperbola as shown 
in Figure 10. The angle between the original direction of motion and 
the final direction of motion is the angle of scattering which is measured. 
From this measurement the distance of closest approach between the 
alpha particle of charge -f- 2e and the nucleus of charge + Ze , where Z is 
the atomic number, can be readily calculated. 
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The results of the experiments on the scattering of alpha particles 
by thin metallic foils of different elements led to a determination of the 



angle of scattering and is readily measured. 

charge of the nucleus, and showed that it was equal to + Ze. The 
scattering at large angles was used to determine the distance of closest 
approach between an alpha particle and a nucleus. For example, if 
alpha particles are scattered from gold foil at an angle of 150° with 
the original direction of motion, the distance of closest approach is 
3.2 X 10~ 12 cm. This scattering process may be looked upon as a collision 
between a helium nucleus and a nucleus of gold, and the distance of 
closest approach may be considered as the distance between the centers 
of the two nuclei. Thus the radius of a nucleus is less than lO" 12 cm. 
Since X-ray data show that the distance between atoms is of the order 
of 10~ 8 cm, we can see this distance is about 10,000 times the size of the 
nucleus. There are Z electrons around each nucleus of an electrically 
neutral atomj theory and experiment both lead to the conclusion that 
the radius of an electron is less than 10 -12 cm. Hence in this picture of the 
atom only a minute fraction of the space of an atom is occupied by the 
electric charges. 

9. Nuclear Disintegration by Alpha-Particle Bombardment 

The artificial transmutation of one element into another, the 
dream of alchemists for centuries, was first definitely accomplished by 
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Rutherford in 1919 in a very simple type of experiment. A diagram of the 
aj>paratus used by Rutherford is shown in Figure 11. The chamber C 



Fig. 11. Diagram of the apparatus used by Rutherford in the first 
successful experiment on artificial disintegration of nuclei. 


was filled with a gas such as nitrogen, and alpha particles from a radio¬ 
active source at A were absorbed in the gas. A sheet of silver foil F, 
thick enough to absorb the alpha particles, was placed over an opening 
in the side of the chamber. A zinc sulphide screen S was placed outside 
this opening, and a miscroscope M was used for observing any scintilla¬ 
tions produced on the screen S. Scintillations were observed when the 
chamber was filled with nitrogen, but when the nitrogen was replaced 
by oxygen or carbon dioxide, no scintillations were observed. Rutherford 
concluded that the scintillations were produced by high-energy particles 
which were ejected from nitrogen nuclei as a result of the bombardment 
of these nuclei by the alpha particles. Magnetic deflection experiments 
showed that these high-energy particles were protons or hydrogen nuclei. 
Other light elements in the range from boron to potassium were also 
disintegrated by bombardment with alpha particles. 

On the basis of a theory of the nucleus advanced by Bohr (1936), 
the disintegration of nitrogen by bombardment with alpha particles may 
be thought of as consisting of two parts. The first is the capture of the 
alpha particle by the nitrogen nucleus resulting in the formation of a new 
compound nucleus (see Figure 12); the second is the immediate breaking 
up of the compound nucleus into two particles one of which is a proton. 
T-hese two processes can be represented by means of a nuclear reaction 
equation analogous to one representing a chemical reaction. Thus 

2 He* + 7 N“ — ( 9 F«) — 8 O l7 + iH 1 . 0) 

The alpha particle, since it is a helium nucleus, is represented by the 
symbol 2 He 4 . The lower left-hand number represents the atomic number; 
the upper right-hand number is the mass number. Since the total charge 
must be conserved, the atomic number of the compound nucleus must be 
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the sum of the atomic numbers of helium and nitrogen. The compound 
nucleus in this case is fluorine, Z = 9. Since fluorine disintegrates with 
the emission of a proton, the remaining part, the product nucleus, must 
be oxygen, Z = 8. 


Proton 



Fig. 12. An alpha particle, directed toward a nitrogen nucleus, may penetrate 
it forming a compolind nucleus of fluorine, which then disintegrates into a fast 

moving proton and a nucleus of oxygen. 


The mass number of the compound nucleus must equal the sum 
of the mass numbers of the initial particles, and also the sum of the 
mass numbers of the final particles: this is the guiding principle in 
determining which isotope of an element is formed during a nuclear 
reaction, but it is not the same as the principle of conservation of mass 
since mass numbers do not represent mass. As previously stated, mass 
may be converted into energy and energy into mass. As a matter of 
fact, the initial and final masses of the atoms are not equal; the difference 
in the masses of the initial and final particles is called the nuclear re¬ 
action energy. If the sum of the masses of the final particles exceeds that 
of the initial particles, energy is absorbed in the reaction; this energy 
must come from the initial kinetic energies of the particles. If the sum 
of the masses of the final particles is less than that of the initial particles, 
the difference in mass is released in the form of kinetic energy of the final 
particles. 

10. The Neutron 

The capture of an alpha particle by a nucleus does not always result 
in the emission of a proton by the compound nucleus formed as a result 
of this capture. In one particular reaction studied, that resulting from 
the bombardment of beryllium by alpha particles, a very penetrating 
type of radiation was found to be emitted by the newly formed compound 
nucleus. Various attempts to explain this in terms of gamma rays led to 
many discrepancies. Finally, Chadwick (1932), as a result of many 
experiments, suggested that the radiation consisted of neutral particles, 
called neutrons , of mass nearly equal to that of protons. The nuclear 
reaction which takes place is 

4Be 9 + 2 He 4 -> ( fl C 13 ) -> 6 C 12 + on 1 


( 2 ) 
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where on 1 is the symbol representing the neutron, showing that it has 
zero charge and mass number 1. 

One arrangement used by Chadwick for demonstrating the existence 
and properties of neutrons is shown in Figure 13. The source of alpha 


I 



Paraffin 

Fig. 13. Arrangement of apparatus used by Chadwick for the detection of 

neutrons. 

particles is a disk D on which polonium has been deposited. This disk 
and the beryllium target are placed in an evacuated chamber C. The 
neutrons coming from the beryllium pass through the thin wall of the 
chamber and enter the ionization chamber / through the thin window W. 
The ionization chamber is connected to an amplifier and then to a re¬ 
cording device such as an electrical counter or a loud speaker. 

Since the neutrons possess no charge, they produce no ionization 
directly in their passage through the chamber. But some neutrons which 
strike the walls of the ionization chamber cause the ejection of nuclei, 
which then produce ions in the chamber and are thus recorded in the 
electrical counter, or, if a loud speaker is used, a “click” is heard for 
every nucleus which produces intense ionization. When neutrons from 
the beryllium go directly into the chamber, only a few counts per minute 
are recorded. If thin sheets of lead are placed in front of the ionization 
chamber, the number of counts is not reduced appreciably. If, however, 
a thin slab of paraffin is placed in front of the ionization chamber, the 
number of counts per minute increases markedly. This increase is due 
to the fact that neutrons, in collisions with the nuclei of the hydrogen 
atoms contained in the paraffin, give up a considerable fraction of their 
energy to these protons and eject them from the paraffin. These protons 
enter the ionization chamber and are recorded by the ionization produced 
by them. If the paraffin is removed and the neutrons enter the chamber 
directly, the number of counts per minute falls immediately to its 
former low value. This is just the opposite of what would happen if the 
radiation consisted of gamma rays, that is, the introduction of any 
absorbing material in the path of the gamma rays would produce a de¬ 
crease in the intensity of the transmitted radiation. 

Since the discovery of the neutron, many different types of nuclear 
reactions have been used for obtaining them. The mass of a neutron 
has been accurately determined as a result of these studies; its mass is 
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I. 00893. Since neutrons have no charge, they should he able to penetrate 
atomic nuclei very easily, and a study of these reactions should yield 
valuable information concerning nuclear properties and nuclear reactions. 

Neutrons coming from a nucleus generally have very high energies. 
Some nuclear reactions are produced more readily by high-energy 
neutrons, while other nuclear reactions are produced more readily if 
slow neutrons are used as the bombarding particle. If it is desired to 
slow down the neutrons, they are allowed to pass through some hydrogen- 
containing substance such as paraffin or water. A neutron gives up a 
large fraction of its energy in a collision with a hydrogen nucleus, and 
after many collisions it will come to thermal equilibrium with the ma¬ 
terial; that is, its average energy will be equal to the energy of thermal 
agitation, which at room temperature is equivalent to 1/40 of an electron 
volt. An interesting reaction involving slow neutrons is 

6 B 10 + 0 /d — GB 11 ) 3 Li 7 -f- 2 He 4 . (3) 

In this reaction, the capture of a slow neutron by boron of mass number 
10 yields a compound nucleus which is itself an isotope of boron, which 
disintegrates with the emission of an alpha particle. This reaction is 
widely used as a sensitive detector of neutrons; the ionization chamber 
is lined with some boron compound and the capture of a neutron by the 
boron causes the liberation of an alpha particle which is easily detected 
by the ionization it produces in the chamber. 

II. Positrons 

Shortly after the discovery of the neutron, another new particle, 
the positron, was discovered by C. D. Anderson (1932), in his experiments 
on the particles produced by the action of the very penetrating rays 
known as cosmic rays which come to the earth from all directions in space. 
Anderson was taking cloud-chamber photographs of the tracks of the 
particles in a strong magnetic field. A few tracks were found to be curved, 
showing that they were formed by charged particles passing through the 
gas in the cloud chamber. From the appearance of these tracks, they 
were judged to be due to particles of electronic mass and electronic 
charge; but from the direction of their curvature it was evident that 
the particles producing them must have been positively charged (see 
Figure 14). Anderson called these particles positrons. 

Shortly after the discovery of the positrons, M. and Mme. Curie- 
Joliot (1934), in the course of experiments in which nuclei of some of the 
lighter elements were bombarded with alpha particles, observed that the 
bombarded substances continued to emit radiation even after the source 
of alpha particles had been removed. Ionization measurements and 
magnetic deflection experiments showed that the radiations consisted 
of positrons. Furthermore, the intensity of the radiation was found to 
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decrease with time in the same way as radiations from a naturally radio¬ 
active substance. The half-life period of the positron radiation was 
measured in each case studied. This was the first time that radio¬ 
activity was ever induced in a substance. One of the reactions, for 



Fig. 14. Cloud chamber photograph of the 
path of a positron in a magnetic field. The posi¬ 
tron originated at the bottom of the chamber and 
passed through a sheet of lead 6 mm. thick. The 
magnetic field is directed into the paper. (Photo¬ 
graph by Carl D. Anderson.) 

example, was produced by bombarding boron with alpha particles; the 
compound nucleus, nitrogen, produced in this reaction was unstable and 
emitted a neutron, leaving nitrogen of mass number 13 as the final 
product. The reaction equation is 

5 B 10 + 2He 4 -> ( 7 N 14 ) — 7 N 13 + on 1 . (4) 

Now nitrogen of mass number 13 is not a stable isotope. It does not 
necessarily disintegrate immediately; it is a radioactive isotope of nitrogen 
and disintegrates with the emission of a positron, leaving carbon of mass 
number 13 as the product nucleus. This reaction may be represented by 
the nuclear reaction equation 

7 N 13 — 6 C 13 + +1 e° (5) 

with a half-life period of T = 11 minutes. The symbol +ie° is used to 
represent the positron since its charge is equal to that of a proton and its 
mass number is zero. The carbon atom of mass number 13 is a stable 
isotope of carbon. 

The identification of the radioactive atom as nitrogen was made 
certain by chemical analysis. Since the amount available for analysis 
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is very minute, special methods have to be developed for each case. For 
example, in the boron reaction, the target was made of boron nitride. 
After bombarding it with alpha particles for several minutes, it was 
heated with caustic soda. One of the products of this chemical reaction 
was gaseous ammonia, NH 3 . When this gaseous ammonia was separated 
from the rest of the mixture it was found to be radioactive with a half- 
life period of 11 minutes, showing that the nitrogen of the ammonia was 
the radioactive element. 

Since the discovery of artificially induced radioactivity, it has been 
found possible to induce radioactivity in many elements. To accelerate 
the progress being made in nuclear physics, it was necessary to have 
available a variety of high-energy particles which could easily be con¬ 
trolled as to quantity and energy. Hence physicists were led to develop 
high-voltage sources for obtaining high-energy particles, instead of 
relying upon the limited amount of radioactive material available for 
such experiments. 


12. High-Energy Particles 

There are several methods for producing high voltages now in 
general use. Voltages up to about a million volts can be obtained by 


using several step-up transformers 
with their secondary coils connected 
in series. Since direct current is 
generally desired for the production 
of high-energy particles, the alter¬ 
nating current is rectified by means 
of two-element thermionic tubes. 
This high voltage is used to acceler¬ 
ate positive ions which have been 
produced in an auxiliary tube by the 
ionization of the gas in the tube. The 
most common types of positive ions 
used in nuclear experiments are pro¬ 
tons, deuterons, which are positively 
charged nuclei of hydrogen of mass 
number 2, and helium nuclei. 

Another device for producing 
high-energy particles which has 
come into fairly common use is the 
cyclotron developed by E. O. Law¬ 
rence and M. S. Livingston. It con¬ 
sists essentially of a short hollow cyl¬ 
inder divided into two sections A and 
B (Figure 15). This cylinder is placed 


A ^ B 

rr:i i i 



Fio. 15. The paths of particles inside 
the dees of a cyclotron. 
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between the poles of a very large electromagnet. Some of the magnets 
built have pole pieces from 30 to 00 inches in diameter, and one recently 
completed in California has a diameter of 184 inches. The magnetic 
field is perpendicular to the plane of the figure, that is, along the axis of 
the cylinder. The two half cylinders are connected to the terminals of a 
high-frequency alternating-current circuit so that the charge on each 
half changes a few million times per second. These two half cylinders 
are placed in another metal box, and a gas such as hydrogen, deuterium, 



* IG - 16. Shop assembly photograph of the M. I. T. 
cyclotron chamber, showing the construction of the 
chamber and the dees. (From the Journal of Applied 
I hysics, Jan., 1944. Courtesy of the Radioactivity 
Center of the Massachusetts Institute of Technology.) 


or helium is introduced into this system at a low pressure. One method 
of producing positive ions is to ionize this gas by bombarding it with 
electrons from a heated filament F , which is maintained at a difference of 
potential with respect to the metal box. When the half-cylinder .4 is 
positive, the positive ions between the half cylinders are accelerated 
toward B. \\ hen the ion gets inside B, the magnetic field causes it to 
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move in a circular path. \ftcr completing a "••illicitvie. the inn reaches 
tile edge ot />. It t he t miinii i" jU"t right. H "hoiil.i now be p< >-it i ve w it h 
respect to .1 <o that the ion w ill now I »e accelerates 1 toward .1 and t ravel 
in a circular path ot larger raditi" ni"ide 1 \ftei travelling a semicircle 
in -l, the ion. upon reaching the edge ot . 1 . will receive an additional 
acceleration toward /> hecatiM*. m the meantime, the potential difference 
between A ami /> will have channel "inn Ihe positive mn will travel 
on in semicircle." ot increasing radii each time it goes trom .1 to />' and 
trom H to A. since its enemy i> increa"inn at each pa»ayc between 1 
and H. 

After the positive ion> have traversed many semicircular paths and 
approach the circumference of the cylinder .1. the auxiliary electric field 
is used to deflect them from the circular path and make them come out 
through the thin window 11 . The "Ubstaiice to be bombarded by the 
high-energy particles is placed near 11 and the investigation" of the 
results of this bombardment can then be pcrlormed. 

To obtain high-energy protons, hydrogen ot imi"" number 1 is placed 
in the chamber: to obtain high-energv deuteroti", hydrogen ot mass 



i.* y-A ‘ 



* « 


Fig. 17. The ISl-inch Berkelev cvclotron now in operation at the Radiation 
Laboratory of the fmversitv of California at Berkeley. The vacuum eliamher 
is in place between the pole piece of the electromagnet. i he tube extending 
into the chamber at the left carries the target which is bombarded by the high 
energy ions in the cvclotron chamber. (Photograph supplied by Prof R L. 
Thornton, Radiation Laboratory. I n.vers,ty of California, Berkeley, ( ahf.) 
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number 2 is used in the chamber. Or if helium is used in this chamber, 
we have an artificial source of alpha particles. 

For the smaller cyclotrons, the voltage between the sections A and 
B is usually of the order of 10,000 to 200,000 volts; the energies of the 
particles coming out of the cyclotron may be several million electron 
volts because of the successive accelerations given to them as they go 
from one section to the other. With the 184-inch cyclotron, physicists 
are able to produce deuterons of about 200 Mev energy and alpha parti¬ 
cles of about 400 Mev energy (see Figure 17). 


13. Nuclear Disintegrations by Protons and Deuterons 

With the high-energy particles now available, many different types 
of nuclear reactions have been produced. Only a few of these can be 
mentioned here. For example, when lithium of mass number 7 is 
bombarded with protons, the compound nucleus thus formed breaks up 
into two alpha particles of very high energy, about 8.63 Mev each. The 
nuclear reaction is 

3 Li 7 + iH l -> ( 4 Be 8 ) -> 2 He 4 + Jie A . (6) 

Several different reactions may occur in any one experiment, and 
one of the important problems of nuclear physics is to be able to predict 
which process is more likely to occur in any given experiment. 

Another interesting reaction occurs when high-energy deuterons 
bombard deuterium, that is, hydrogen of mass number 2. Two different 
reactions have been observed: 

iH 2 + xH 2 -> GHe 4 ) -> xH 3 + iH 1 (7) 

xH 2 + iH 2 — GHe 4 ) -> 2 He 3 + on 1 . (8) 

The first of these reactions results in the production of a new isotope of 
hydrogen of mass number 3. This isotope is unstable; it is radioactive, 
emitting a beta ray with a half life of about 31 years. The second reac¬ 
tion results in the production of a neutron. This is one of the simplest 
methods for obtaining neutrons. 

14. Radioactive Isotopes as Tracers 

One of the most important uses of artificially produced radioactive 
isotopes is as tracers in many chemical reactions and in various physio¬ 
logical processes. By using a small quantity of a radioactive isotope of 
an element in place of some stable isotope, the chemical reaction or the 
physiological process under investigation can be followed in great detail, 
since the presence of the radioactive isotope can be detected by the radi¬ 
ation it emits. A radioactive isotope of practically any element can be 
produced with the aid of neutrons. Neutrons can be produced by bom¬ 
barding deuterium with high-speed deuterons as shown above; however, 
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much more intense sources of neutrons are now available in the so-called 
uranium piles or nuclear reactors , and comparatively large quantities of 
radioactive isotopes can now be produced very easily. 

One of the most important isotopes for tracer work is carbon of 
mass number 14, C 14 , since carbon is a constituent of all organic matter. 
There are two important reactions for producing C 14 with neutrons. 
One is obtained by bombarding a substance rich in carbon of mass 
number 13, with the following reaction: 

6 C 13 + o n l —> c C 14 + gamma ray; (9) 

the other is obtained by bombarding nitrogen with neutrons with the 
following reaction; 

7 N“ + on 1 — ( 7 N 15 ) — 6 C 14 + iH 1 - (10) 

The carbon, C 14 , formed in each reaction, is radioactive, disinte¬ 
grating with the emission of beta rays with a half-life period of about 
5,000 years. By introducing a minute amount of radioactive carbon 
with ordinary carbon, the progress of the carbon in any process can be 
traced readily by following the course of the radioactive element with 
a Geiger counter. An interesting possibility suggests itself: to tag bac¬ 
teria with radioactive carbon and in this way trace the part played by 
bacteria in some types of disease. 

Another important element in chemical and biological work is 
hydrogen, and great possibilities are opened up for the detailed study of 
many processes by the use of the radioactive isotope of hydrogen of 
mass number 3, iH 3 . We have already shown one method of producing 
this isotope by the bombardment of deuterium with deuterons. It can 
also be produced in large quantities by any of the neutron sources by 
bombarding lithium, Li 6 , with neutrons, according to the following 

reaction: 

a Li 6 + o n l —> ( 3 Li 7 ) —> sHe 4 + iH 3 . (11) 

The processes in which hydrogen takes part can be followed by using a 
Geiger counter to detect the beta rays emitted by the radioactive isotope 
of hydrogen. The radioactive hydrogen need be only a very small frac¬ 
tion of all the hydrogen which takes part in the process under investi¬ 
gation. 

Heavier elements have also been used in tracer work. The radio¬ 
active isotopes of such elements as sodium, Na 24 , phosphorus, P 32 , and 
iodine, I 131 , have already been used extensively in the study of physio¬ 
logical processes and, to some extent, in diagnostic work. Since the 
paths of these elements can be traced merely by the use of a sensitive 
Geiger counter to detect the beta rays emitted by the radioactive 
isotopes, it opens up entirely new types of analyses which could not 
possibly be done by ordinary chemical means. We can expect to see 
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greater use of radioactive isotopes as more of these become available in 
large quantities from the nuclear reactors, and as more scientists learn 
the techniques necessary for using them. 


15. Nuclear Fission 

In the nuclear reactions considered thus far, all of the unstable and 
radioactive elements produced disintegrated by the emission of relatively 
light particles, such as electrons, positrons, protons, neutrons, and alpha 
particles. Neutrons were used extensively as atomic projectiles in these 
experiments because neutrons, having no electric charge, could penetrate 
the positively charged nuclei very easily. Beginning in 1934, Enrico 
Fermi and his co-workers bombarded uranium with neutrons in an 
attempt to produce elements of atomic number greater than 92. They 
found that as a result of such bombardments some of the uranium sample 
was converted into elements which emitted beta particles with various 
half-life periods. It will be recalled that natural uranium, the first 
radioactive element ever discovered, disintegrates with the emission of 
alpha particles; these beta-ray activities indicated that some new 
process was taking place. This new process was interpreted as the 
formation of one or more transuranic elements , that is, elements of atomic 
number greater than 92. Some chemical tests were performed to verify 
this hypothesis and it seemed fairly certain that an element of atomic 
number 93 was produced. However, chemical analysis for elements in 
this part of the periodic table is very difficult and these results were 
not completely convincing. 

Other workers, particularly Irene Curie and her co-workers, and 
Hahn, Strassmann, and Meitner, entered this field in search of trans¬ 
uranic elements. The heavy elements, uranium, thorium, and proto¬ 
actinium, were bombarded with neutrons and new elements were 
produced which disintegrated with the emission of beta rays. These 
elements were generally assigned atomic numbers greater than 92. In 
an effort to identify them more accurately, physical and chemical 
experiments were made on the small amounts of new elements produced. 
In 1939 Hahn and Strassmann found, after a series of very careful 
chemical experiments, that one of the radioactive elements produced 
by the bombardment of uranium by neutrons was an isotope of the 
element barium of atomic number 56. Another of the radioactive 
elements formed this way was identified as lanthanum of atomic number 
57. This was a very startling discovery. Hahn and Strassmann sug¬ 
gested that the beta-ray activities previously observed and ascribed to 
transuranic elements are probably emitted by radioactive isotopes of 
elements of lower atomic number, that is, elements in the middle of the 
periodic table. The process started by bombarding uranium with neu¬ 
trons is one in which the new uranium nucleus formed when the neutron 
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is captured is unstable, and splits up into two nuclei of medium atomic 
masses (see Figure 18); if one nucleus which is produced in this process 
is barium of atomic number 56, the other must be the nucleus of the 
element krypton of atomic number 36, since the total charge of the 
uranium nucleus is 92. This type of disintegration process in which a 
heavy nucleus splits up into two nuclei of nearly comparable masses is 
called nuclear fission. 



Fig. 18. Nuclear fission of uranium. A fast neutron is eaj>- 
tured by a nucleus of uranium of mass number 238 forming 
uranium 239; the latter splits with two comparatively 
massive particles, in the above case krypton and barium, 
with the simultaneous emission of two fast neutrons. 

As soon as the discovery of nuclear fission was announced early in 
1939, in laboratories throughout the world where neutron sources were 
available, physicists immediately repeated and confirmed these experi¬ 
ments. Cloud-chamber pictures were obtained, showing the tracks of the 
two particles produced by the fission of uranium traveling in opposite 
directions (see Figure 19). 

The energies of the particles formed in the fission process were 
measured and found to be about 200 Mev, in agreement with calculations 
based on Einstein’s theory of the conversion of mass into energy. Fur¬ 
thermore, the fission fragments, that is, the particles formed in the fission 
process, are themselves unstable and emit neutrons and beta rays. Most 
important of all, from the standpoint of the practical application of 
nuclear fission as a new source of energy, is the fact that the fission 
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process itself is accompanied by the emission of neutrons. It was early 
recognized that a chain reaction should be possible in which the neutrons 



Pic;. 19. Cloud chamber photograph showing the fission 
of uranium. 1 he foil in the center of the cloud chamber is 
coated with uranium and bombarded by neutrons. The 
tracks of two heavy fission particles can be seen coming 
from the foil where a uranium atom has undergone fission 
as the result of the capture of a neutron. (From a photo¬ 
graph by J. K. Boggild, K. K. Brostrom, and T. Lauritsen.) 

released in the fission process would initiate new fission processes until 
the reaction would become self-sustaining, and either be controlled at a 
given power level, or else go on uncontrolled as in an atomic bomb. 

16. The Conversion of Mass into Energy 

In the process of nuclear fission, the heavy element, say uranium, 
splits up into two lighter elements, such as krypton and barium, for 
example, with the release of about 200 Mev of energy. In most labora¬ 
tory experiments this energy appears in the form of kinetic energy of the 
fission products. The source of this energy can be traced to the difference 
in the masses of the initial and final substances involved in the fission 
process. The fission process is one important example of the conversion 
of mass into energy. The mass of the uranium atom and the masses of 
the atoms formed in the fission process are accurately knowm from the 
measurements made with the mass spectrograph. These measurements 
show that the sum of the masses of the fission products is less than the 
sum of the masses of the uranium atom and the neutron which it cap¬ 
tured. It is this difference in mass which is converted into energy. 

It was Albert Einstein w r ho, as a result of his work on the theory of 
relativity (1905), came to the conclusion that mass can be converted 
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into energy. A better way of stating this is to say that mass is a form of 
energy. The principle of conservation of energy has been extended to 
include mass as one of the forms of energy. Since the concepts of mass 
and energy were originally developed independently of each other, they 
are generally expressed in different sets of units. Mass, for example, is 


Fio. 20. Albert Einstein. Developed 
the theory of relativity and revolu¬ 
tionized the mode of thinking about 
fundamental physical problems. One 
consequence of this theory was the ex¬ 
tension of the concept of energy to in¬ 
clude mass as a form of energy. An¬ 
other part of the theory gives us a now 
insight into gravitational phenomena. 
He also developed the fundamental 
equation of the photoelectric effect. 
(Official U. S. Navy Photo from Acme.) 




Fi<;. 21. Enrico Fermi. Designed first 
successful uranium pile. Had previously 
produced transuranic elements. Developed 
theory of the radioactive emission of beta 
particles. (Courtesy of University of 

Chicago.) 


Usually expressed in grams or kilograms, or pounds, or tons, while energy 
is usually expressed in ergs, or joules, or Btn, or kilowatt-hours. Ein¬ 
stein’s theory of the equivalence of mass and energy also gives the 
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relationship between mass and energy when expressed in their more 
conventional units. This relationship is 

( 12 ) 

where 8 is the energy in ergs of a mass m expressed in grams, and c is the 
speed of light in centimeters per second. Thus a mass of one gram is 
equivalent to an amount of energy 

8 = 1 gm X 9 X 10 20 cm 2 /sec 2 = 9 X 10 20 ergs, 
or, if expressed in joules, 

8 = 9 X 10 13 joules, 

or, in kilowatt-hours, 

8 = 25 X 10 6 kilowatt-hours. 

Thus one gram of any substance is equivalent to 25 million kilowatt- 
hours of energy. Matter is simply a highly concentrated form of energy. 
It is the task of science to convert this energy into a form in which it can 
be used to do work. Nuclear transformations, and nuclear fission in 
particular, illustrate one type of process in which mass can be converted 
into energy on a large scale. This has already been successfully ac¬ 
complished in two different forms: the controlled chain reaction which 
takes place in the so-called uranium “pile” or nuclear realtor, and the 
uncontrolled chain reaction which takes place in the so-called atomic 
bomb. 

17. The Chain-Reacting Pile — Nuclear Reactor 

The controlled nuclear chain reaction of the uranium pile or nuclear 
reactor is a method for the large-scale conversion of mass into energy. 
The first successful pile was operated on December 2, 1942, at Chicago 
under the direction of Enrico Fermi, assisted principally by groups 
headed by Walter H. Zinn and H. L. Anderson. The three essential 
ingredients of a chain-reacting pile are these: (1) some fissionable element 
such as uranium; (2) a light element such as deuterium (H 2 ) or pure 
carbon to act as “moderator”; and (3) a neutron-absorbing element 
such as boron or cadmium for controlling the reaction. 

An idealized form of a chain-reacting pile or nuclear reactor is 
illustrated in Figure 22. Cylindrical rods of pure uranium metal are 
placed at regular intervals in a large amount of pure carbon, in the form 
of graphite. Some boron rods are placed at suitable intervals in slots 
and arranged so that they can be moved in or out of the pile. The word 
pile is used to describe this reactor because originally the reactor was 
built by piling up layers of graphite, alternate layers containing uranium, 
until a critical size was reached at which the chain reaction became self- 
sustaining. No neutron source need be built into the pile since there is a 
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continual supply of neutrons coming into the atmosphere as a result of 
the action of cosmic rays; neutrons may also come from the spontaneous 
fission of some of the uranium in the pile. 


Boron rods 



Fig. 22. Schematic diagram of a uranium pile. Cylindri¬ 
cal rods of uranium are imbedded in a large mass ot 
graphite which acts as a moderator to slow down neutrons 
Boron rods, inserted into the pile, control its rate of 

activity. 


In its operation, the nuclear reactor liberates large quantities of 
energy; this energy may be harnessed to drive turbines or operate heat 
engines and provide useful work. There are many impoitant pro uc s 
and by-products produced in the operation of a nuclear reactor. One oi 
these is a comparatively new element known as plutonium, origina y 
discovered by Seaborg, McMillan, Wahl, and Kennec y in . ie 
importance of plutonium is that it is fissionable by t e cap uie o neu 
trons and is the essential element of one type of atomic om 
important by-products are radioactive isotopes of elements whose atomic 
numbers lie in the range 35 to 60. In addition, large amounts of 
rays, beta rays, and, of course, neutrons are pio uce in ie nuc 

^“The nuclear reactor has great potentialities as a scientific tool. The 
radioactive isotopes produced by it can be and aie erng use or p lysi 
cal, chemical, biological, and medical research, and for therapeutic pur¬ 
poses. It is also an intense source of neutrons, which are invaluable for 
physical and chemical investigations of the structure of matter in par¬ 
ticular the structure of the nucleus. These neutrons can also be used 
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for the production of the tracer elements such as carbon 14, C 14 , and 
hydrogen of mass number 3, H 3 . * 


18. Operation of a Uranium Pile 

The theory of the operation of a uranium pile can best be under¬ 
stood by analyzing separately the different processes which occur in it. 
There is first, of course, the process of the fission of uranium nuclei. 
Ordinary uranium metal consists of three isotopes of mass numbers 234, 
235, 238. The relative amount of uranium 234 present in the ordinary 
metal is insignificant and wiU be neglected in this discussion. The 
relative amount of the isotope uranium 235 is small, about 0.7 per cent, 
but its importance in the operation of the pile is very great because it is 
fissionable by the capture of neutrons of all energies, and particularly by 

the capture of slow neutrons. The most abundant isotope is uranium 
238, about 99.3 per cent of the total. 

Uranium 238 is fissionable only by the capture of fast neutrons, that 
is neutrons with a speed of about 10* cm/sec, having an energy of about 
1 Mev. Slower neutrons are not readily captured by uranium 238, unless 
eir energy is about 38 ev, in which case they are readily captured but 
do not produce fission of the uranium nucleus. Instead, the new uranium 
nuc eus, o mass number 239, formed by this capture emits a gamma-ray 
photon and then becomes a beta-ray emitter with a half-life period of 23 
minutes. This leads to the formation of a new element, neptunium , of 
a omic number 93 and mass number 239. These processes may be 
represented by the following simple nuclear equations: 

92 U 238 + on 1 -> (^U 239 ) -► jkU 239 -f- gamma ray; 
then 92 U 239 ^Np 239 + _ ie °. T = 23 minutes. (13) 

, n eptunium, Np, is also radioactive; it emits a beta ray with a 

a e period of 2.3 days and the new product is another new element, 

plutonium , Pu, of atomic number 94 and mass number 239. This 
reaction is 


mNp 2 * 9 -> 94 P U » 9 + _ ie o. T = 2.3 days. 

It is followed by ^Pu 239 -> + 2 He 4 . T = 24,000 years. (14) 

The isotope of plutonium is radioactive, emitting an alpha particle, 
but it has a very long half period, 24,000 years. In this sense it is a 
comparatively stable element. It will be noted that neptunium and 
plutonium are transuranic elements, that is, elements with atomic 
numbers greater than that of uranium. When plutonium disintegrates 
with the emission of an alpha particle, the resulting nucleus is uranium 
235. The plutonium isotope formed in the above process is fissionable 
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by the capture of neutrons of any energy, and is thus similar to uranium 
235 as far as the fission process is concerned. Since it is chemically 
different from uranium, it can be separated more readily from the 
uranium metal than the uranium isotope of mass number 235. 

For the nuclear reactor to be a self-sustaining device, it is obvious 
that the number of new neutrons produced in the fission process at any 
one place must be at least equal to the number of free neutrons originally 
present at that place. The ratio of these two numbers is called the 
multiplication factor , and will be represented by the symbol K. If K = 1 
the reaction will be self-sustaining: just as many new neutrons will be 
produced as were present originally, and the neutron density at any one 
place will remain constant. If K is less than 1, the neutron density will 
decrease and the reaction will ultimately come to a halt. If K is greater 
than 1, the neutron density will increase continually and so will the 
liberation of energy. This increase may occur so fast that an explosive 
reaction will result. 

The problem in a controlled chain reaction is to keep the multi¬ 
plication factor K = 1. Let us now examine in some detail how this 
may be done. The exact number of neutrons liberated at each fission 
process is still (1948) a military secret. The report of H. D. Smythe on 
Atomic Energy for Military Pui'poses states that from one to three 
neutrons are emitted in each fission process. For purposes of discussion, 
let us take this number as two neutrons per fission. Joliot found that 
the neutrons released in the fission process have energies of about 1 Mev, 
that is, they are fast neutrons. When one of these neutrons is captured 
by a uranium nucleus, fission will result, with the consequent release of 
about 200 Mev of energy and, say, two fast neutrons. However, the 
probability of a fast neutron’s being captured by uranium is small. The 
neutron may collide with a uranium nucleus and give up a part of its 
energy in this collision; its probability of capture after this is much less. 
The neutron will continue to make collisions with uranium nuclei and 
lose some energy at each collision, without being captured. During this 
time it will move through quite a large distance though not necessarily 
in a straight line. If it comes to the surface of the reactor it may escape 
to the outside; to prevent the escape of too many neutrons it is necessary 
to have a large mass of material. 

When the energy of a neutron is reduced to about 38 ev, there is a 
large probability that it will be captured by the nucleus of uranium 238, 
leading to the formation of neptunium and plutonium, but there are no 
new neutrons produced in this process. It is therefore necessary to 
reduce the probability of this type of capture to avoid the serious loss of 
neutrons. It is for this reason that a moderator is used. If most of the 
pile consists of pure carbon in the form of graphite, the neutrons will 
collide more frequently with its nuclei than with those of uranium. The 
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probability of the capture of a neutron by graphite is very small. Fur¬ 
thermore, on collision with a carbon nucleus the neutron loses a greater 
fraction of its energy than it does on collision with the heavier uranium 
nucleus. The moderator, graphite, therefore serves the purpose of re¬ 
ducing the energy of the fast neutron very quickly before it is lost from 
the system by escape from the surface, or is captured by uranium 238 in 
a nonfission process (see Figure 23). 



Fig. 23. Schematic diagram of the action of a neutron in a uranium pile 
on the assumption that each fission process yields two neutrons. The 
shaded circles represent rods of uranium, the small circular dots represent 
neutrons. Sudden changes in direction of the neutron path are due to 

collisions with nuclei of the moderator, graphite. 

With a large amount of moderator present, most neutrons will have 
their energies reduced rather rapidly to the energy of thermal agitation, 
that is, to the energy characteristic of molecules at the temperature of 
graphite. This energy is less than 1 ev. It will continue moving through 
the pile, making collisions with various nuclei until it strikes a nucleus of 
uranium 235; the probability of the capture of a slow neutron by uranium 
235 is very great, and when the neutron is captured, fission will occur 
with the release of two neutrons. In the ideal case, every slow neutron 
would be captured by uranium 235, resulting in fission and the release of 
two neutrons at each fission process. It is obvious that the neutron 
density would increase very rapidly and would lead to an explosive re¬ 
action. For this reason some controls are essential. 

One type of control is provided by the mechanism of fission itself. 
Not all the neutrons are emitted simultaneously with the fission process. 
About 1 per cent of the neutrons are delayed by at least 0.01 second, and 
about 0.7 per cent are delayed by at least one minute. Another type of 
control is provided by the fact that some neutrons are captured by the 
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carbon nuclei of the moderator and also by the small amount of im¬ 
purities present in the system. Another t3'pe of control is one built into 
the system: rods of boron or cadmium which can be moved in or out of 
slots cut in the graphite. Boron or cadmium rods absorb slow neutrons 
very readily and a fine adjustment of the neutron density can be main¬ 
tained by moving the rods through small distances in or out of the pile. 

To start the nuclear reactor, the control rods are moved out a short 
distance and the neutron activity is allowed to increase until the desired 
rate of energy production and hence of neutron production occurs. Ihe 
rods are then moved back the proper distance to make the multiplication 
factor K = 1, so that the neutron density is maintained at this level. 
The neutron density is checked by boron-lined ionization chambers 
placed inside the pile. 



Fio. 24. A view of one of tl.e production arcus at the Hanford Engineer Works 
near Pasco, Washington, where plutonium is manufactured. (Courtesy of the 
Engineering Aeus-Iiecord and General Electric Company.) 


A nuclear reactor or atomic energy pile is evidently a very large 
affair from the standpoint of size and of weight. It has to be large in 
order to prevent too big a loss of neutrons from the surface. There is 
actually a critical size below which it will not operate, that is, for a size 
less than this critical size K will always be less than one. Although an 
increase in size produces an increase in surface, it produces a much greater 
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increase in volume. Although a nuclear reactor is large and massive, it 
is actually a compact unit for the amount of power it can generate. When 
fission is produced in one pound of uranium about 0.1 per cent of its 
mass is converted into other forms of energy, yielding about 11 million 
kilowatt-hours of energy. 1 his is equivalent to the energy obtained from 
the burning of about 1,500 tons of coal. 

19. An Atomic Bomb 

It is much simpler, theoretically, to produce an uncontrolled chain 
leaction, a so-called atomic bomb, than to produce a controlled chain 
reaction as in a uranium pile. All that is needed is a proper amount of 
uranium 235 or of plutonium 239, the so-called critical amount, and a 
source of neutrons. A neutron which is captured by uranium 235, for 
example, will produce a new nucleus, uranium 236, which is so unstable 
that it will immediately split up into two nuclei of intermediate atomic 
numbers, with the simultaneous release of some gamma radiation and 
fiom one to three neutrons. These, when captured by other nuclei of 
uranium 235, will produce a repetition of the above event. Thus a chain 
reaction will be built up rapidly, provided the mass of material is suffi¬ 
ciently large so that not too many neutrons escape from the surface, that 
is, so that the multiplication factor can be greater than 1. If this mass 
of uianium can be held together for a short time, about a few millionths 
of a second, a large amount of the uranium will have undergone fission. 
Since the fission particles are produced inside the mass of uranium, their 
energy w ill be converted into heat, producing a great increase in tempera¬ 
ture and pressure. It has been estimated that the energy released in 
nuclear fission processes in a few microseconds is sufficient to raise the 
temperatuie of this mass to several million degrees, and to produce a 
pi essuie of several hundred thousand or perhaps millions of atmospheres. 

le destructive effects of such high temperatures and pressures can be 
o seived in the ruins of Hiroshima and Nagasaki. A large quantity of 
gamma radiation and of radioactive material also released in this process 
adds to the destructive effects of an atomic bomb. 

20. An Atomic Energy Power Plant 

The release of nuclear energy on a large scale is now an accomplished 
fact. The production of power for industrial use, how r ever, is still in its 
infancy. The many problems to be solved are not all physical. They are 
mainly problems of metallurgy, engineering, economics, finance, and 
politics. Some prognoses may, however, be made at this point. Large- 
scale atomic energy plants are undoubtedly practical and will be in 
operation within the next few years. They will not displace existing 
methods of power production but will be used where the operation of 
coal-burning plants and hydroelectric plants is not feasible, thus stimu- 
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lating the industrial development of many isolated parts of the world 
which lack adequate power at present. Once the atomic energy power 
plant has been set in operation, there is no very great problem of trans¬ 
porting fuel or water to it. After a few years of operation it may be 
necessary to supply new uranium to replace that which has been used up 
in the fission process, but the amount of uranium needed will be com¬ 
paratively small. 


CONTI 

ROD 


MODERATOR 


ELECTRICAL 

ROWER 



f 'GAMMA RAYS 
FISSION PRODUCTS 


Fio. 25. Schematic diagram of a nuclear energy power plant. A gas can be cir¬ 
culated through the nuclear energy reactor and heated by the energy developed 
in it. The hot gas can then be used to heat water and convert it to steam which 
can be used in the conventional manner to drive a steam turbine connected to an 

electric generator. 


There are, however, difficulties to be overcome. One of these diffi¬ 
culties is that practically all operations have to be by remote control 
because of the dangerous amount of radiations, mostly gamma rays and 
neutrons, which escape from the pile. This necessitates the use of many 
tons of shielding around the reactor, mostly steel and concrete, to protect 
the workers. Another difficulty is the disposal of the fission pioducts, 
the radioactive elements of atomic numbers between 35 and GO, which are 
produced in the fission process. We may think of these as the ashes 
of this power plant, but they cannot be dumped out as ashes from coal 
are dumped out; some other means must be provided for disposing of 
them. 

And, most important, a nuclear reactor is a manufacturing plant for 
plutonium. The plutonium may be fed back into the nuclear reactor 
and used in the nuclear fission process. Or it may be extracted and 
stored for later use in an atomic bomb. It is essential that international 
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agreement on the control of atomic energy plants be reached in the near 
future in order that the benefits of atomic energy developments may be 
world wide. The longer such agreement is delayed, the greater is the 
danger that each country will develop its own atomic energy plants and 
thus start a new armaments race, whose only conclusion can be another 
war. 


21. Toward the Future 

If international agreement is reached on the control of atomic 
energy, military control in this area should be relaxed. This relaxation 
will result in the release of a vast amount of information now hidden for 
reasons of military security, and will enable atomic energy developments 
for industrial and scientific purposes to be pursued in the more common 
traditions of science, with its freedom of thought, freedom of inquiry, 
wide dissemination of knowledge, and international cooperation of 
scientists all over the world. Many of the scientists now engaged on the 
military aspects of science will be able to turn their attention to new 
scientific developments and to the training of large numbers of young 
scientists. 

A rapid glance at the history of science shows that since the days of 

Galileo, science has been progressing at an ever-increasing pace with 

occasional interruptions by such wars as World Wars I and II. One can 

predict that this pace will be resumed and even quickened in the coming 

years. The release of nuclear energy in nuclear reactors utilizing the 

fission of the heavy elements is only the beginning. One may expect 

attempts to be made to synthesize the lighter elements into heavier 

elements, a process which is assumed to occur in the sun and in other 
stars. 

Very little is known about nuclear forces. With high-energy particles 

available from modern cyclotrons and betatrons, a renewed attempt will 

be made to understand their nature. This will undoubtedly lead to a 

new concept of the nucleus and to new methods for the release of nuclear 
energy. 

The reason for the stress on sources of energy should be obvious: 
the more energy that is made available from inanimate sources, the 
greater is the amount of work that can be accomplished by human labor; 
this should inevitably lead to a rise in the standards of living of peoples 
throughout the world. 



QUESTIONS AND EXERCISES 

QUESTIONS AND EXERCISES 


393 


1. Construct a table listing the different particles which are emitted in 
radioactive disintegrations; in adjacent columns give the charge and mass of 
each particle. 

2. (a) What is meant by the half-life period of an element? (b) If we start 
with one milligram of radon which has a half-life period of 3.82 days, how much 
radon will be left at the end of 7.64 days? at the end of 15.28 days? 

3. What is the source of the energy that is liberated when a radioactive 
element disintegrates with the emission of an alpha particle of 5 Mev energy? 

4. Referring to Figure 3, are there any isotopes of lead which are radio¬ 
active? 

6. Using the atomic masses listed in Table VIII of the Appendix, examine 
the nuclear reaction equations (1), (2) and (3), and determine whether the 
masses of the initial particles are greater or less than the masses of the final par¬ 
ticles. Will energy be released or absorbed in the.se reactions? 

6. Examine reaction equations (7) and (8) and determine whether energy 
is released or absorbed in each one. 

7. What is the essential difference between nuclear fission and radioactivity? 

8. What are the processes which take place in a chain reacting pile? 

9. (a) What is the “fuel” in a nuclear reactor? (b) What are the “ashes” 
from a nuclear reactor? 





APPENDICES 





Appendix A 


Suggestions to Teachers and Students 

The undergraduate majoring in the arts or the social sciences can be 
made more aware of the place of science in our present society by under¬ 
taking one or more projects outside the classroom; the type ot project 
will depend to a great extent upon the location ot the school, the major 
interest of the student, and the enthusiasm of the teacher. The author 
and his colleagues have found such projects of great value in stimulating 
interest in science. These projects have also made it possible for student 
and instructor to know each other better as a result of informal confer¬ 
ences concerning them. How much ot this work should be taken up in 
regular classroom hours will depend upon the general interest in a 
particular topic and whether it lends itselt readily to class discussion. 

I. Scientific articles. — Newspapers have been increasing the 
amount and quality of science news coverage. Analysis of such articles 
may be either a class project or a special project for students interested 
in journalism and science writing. Discussion and appraisal may 
emphasize any or all of these factors: (1) reliability of report: whether 
source is a government agency such as the Bureau ol Standards, one of 
the science laboratories of a government department, a report of a paper 
presented at one of the meetings of the scientific societies, oi an intei- 
view with some individual, and so forth; (2) accuracy of the report: 
direct quotation or reporter’s version, and so on; (3) nature of topic 
discussed: new experimental result, new theory; or new application of 
known principles, and so on; (4) style, intelligibility, student evaluation 

of importance of article. 

II. Science as a government function. — This field is of particu- 
lar interest to students of government, politics, economics, and diplo¬ 
matic service. Information can be obtained from annual and special 
reports of various government departments and agencies e.g., Bureau 
of Standards, Bureau of Mines, Department of Commerce, War and 
Navy Department (National Defense), State Department, Atomic En¬ 
ergy Commission. The student will be surprised to learn the amount of 
scientific activity carried on directly by government agencies. 

Ill The changing role of science in education. If the particular 
institution where this book is being used has a long history, tracing the 
changes in its curriculum will provide some definite clue to this problem. 

IV. Investigation of scientific activity in the community. — Much 
scientific research goes on in colleges and universities. Students should 
also become familiar with local science museums and should know which 

industrial organizations in the community are engaged in scientific 
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work, both in pure and applied science. Visits of groups of students can 
usually be arranged to a few places of interest ; these visits should be 
the subject of reports prepared by the members of the group. 

V. Literature and science. — There is an extensive literature 
dealing with various aspects of science. Arrangements can usually be 
made with the college library or the local library to display recent 
scientific books. The instructor may find it worth while to distribute a 
list of scientific books to the class and, after determining the student’s 
major interest, suggest one or more books to him. The student may be 
required to write a critical review of one book. 

The list of books should include scientific books written for the 
intelligent layman, autobiographies and biographies of scientists, 
philosophical discussions of the foundations of science, government 
reports; histories of science, and novels about science and scientists. A 
short list of such books will be found in this Appendix. The instructor 
should improve this list with his own choices and as the local interest 
indicates. Students should be encouraged to bring in independent 
selections as a result of their own readings. 
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Table I 

DENSITIES OF SOME COMMON SUBSTANCES 


Solids 

Density 
in gm/cm 3 

Aluminum 

2.70 

Brass 

8.44-8.70 

Copper 

8.93 

Cork 

0.22-0.26 

Glass, common 

2.4—2.8 

flint 

2.9-5.9 

Gold 

19.3 

Ice 

0.917 

Iron 

7.03-7.9 

Lead 

11.34 

Nickel 

8.9 

Osmium 

22.5 

Platinum 

21.50 

Silver 

10.5 

Tungsten 

18.6-19.1 

Wood, cedar 

0.49-0.57 

ebony 

1.11-1.33 

elm 

0.54-0.60 

white pine 

0.35-0.50 

Zinc 

7.1 

Liquids 

Density 


in gm/cm 3 

Alcohol 

0.79 

Ether 

0.74 

Glycerin 

1.26 

Mercury 

13.56 

Oil, olive 

0.92 

paraffin 

0.8 

Water 

1.00 


Density at 0°C, 

Gases 

760 mm Hg 


in gm/cm 3 

Air 

0.001293 

Ammonia 

0.000771 

Carbon dioxide 

0.001977 

Helium 

0.000179 

Hydrogen 

0.000090 

Oxygen 

0.001429 
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SPECIFIC HEATS OF SOME SUBSTANCES 
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Specific Heat 

Substance 

in calories/gm °C 


or Btu/lb °F 

Aluminum 

0.21 

Brass 

0.09 

Copper 

0.093 

Glass, crown 

0.16 

Ice 

0.50 

Iron 

0.11 

Lead 

0.031 

Mercury 

0.033 

Silver 

0.056 

Tin 

0.060 

Water 

1.00 

Zinc 

0.095 


Table III 


NORMAL BOILING POINTS 


Substance 


Alcohol, ethyl 

Ether 

Helium 

Hydrogen 

Mercury 

Nitrogen 

Oxygen 

Water 


Temperature in °C 


78.3 

34.6 

-269. 

-252.8 

356.7 

-195.8 

-183.0 

100.0 


Table IV 

CRITICAL CONSTANTS 


Substance 


Ammonia 

Carbon Dioxide 

Ether 

Helium 

Hydrogen 

Nitrogen 

Oxygen 

Water 


Critical 

Critical 

Temperature 

Pressure 

in °C 

in Atmospheres 

132 

112 

31.1 

73 

194 

35.5 

-268 

2.3 

-240 

13 

-147 

34 

-119 

50 

374 

218 
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Sine of an Angle 

The only trigonometric function used in this book is the sine of an 
angle. It is one of six trigonometric functions each of which is defined 
in terms of the ratio of two sides of a right triangle. Referring to the 

q right triangle ABC of Figure 1, the 
sine of the angle A , usually writ¬ 
ten sin A, is defined as the ratio of 
the length of the side opposite this 
angle to the length of the hypote¬ 
nuse of this triangle, thus 

BC 



sin A = 


AC 


It can be shown on the basis 
of simple geometry that in all right triangles which have equal angles 
A, the ratios BC/AC are all equal. Hence this ratio need be deter¬ 
mined only once for each different angle. The following table lists the 
values of the sines of some angles in 5° intervals. 


Table V 

SINES OF ANGLES 


Degrees 

Sin 

0 

.0000 

5 

.0872 

10 

.1736 

15 

.2588 

20 

.3420 

25 

.4226 

30 

.5000 

35 

.5736 

40 

.6428 

45 

.7071 

50 

.7660 

55 

.8192 

60 

.8660 

65 

.9063 

70 

.9397 

75 

.9659 

80 

.9848 

85 

.9962 

90 

1.0000 
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Table VI 


PERIODIC TABLE OF THE ELEMENTS 



I 

II 

hi 

IV 

V 

VI 

VII 

VIII 

1 

1 H 
1.008 







2 He 

4.003 

2 

3 Li 
6.940 

4 Be 
9.02 

5 B 

10.82 

6 C 
12.01 

7 N 
14.008 

8 O 
16.000 

9 F 
19.00 

10 Ne 

20.183 

3 

4 

11 Na 
22.997 

12 Mg 
24.32 

13 A1 

26.97 

14 Si 
28.06 

15 P 
30.98 

16 S 
32.066 

17 Cl 
35.457 

18 A 

39.944 

19 K 
39.096 

20 Ca 
40.08 

21 Sc 

45.10 

22 Ti 
47.90 

23 V 
50.95 

24 Cr 
52.01 

25 Mn 
54.93 

26 Fe 27 Co 28 Ni 
55.85 58.94 58.69 

29 Cu 
63.54 

30 Zn 
65.38 

31 Ga 

69.72 

32 Ge 
72.60 

33 As 
74.91 

34 Se 
78.96 

35 Br 
79.916 

36 Kr 

83.7 

5 

6 

37 Rb 
85.48 

38 Sr 
87.63 

39 Y 

88.92 

40 Zr 

91.22 

41 Cb 
92.91 

42 Mo 
95.95 

43 Tc 

44 Ru 45 Rh 46 Pd 
101.7 102.91 106.7 

47 Ag 
107.880 

48 Cd 
112.41 

49 In 

114.76 

50 Sn 

118.70 

• 

51 Sb 
121.76 

52 Te 
127.61 

53 I 
126.92 

54 Xe 

131.3 

55 Cs 
132.91 

56 Ba 
137.36 

57-71 

Rare Earths* 

72 Hf 
178.6 

73 Ta 
180.88 

74 W 
183.92 

75 Rc 
186.31 

76 Os 77 Ir 78 Pt 
190.2 193.1 195.23 

79 Au 

197.2 

80 Hg 
200.61 

81 Tl 

204.39 

82 Pb 
207.21 

83 Hi 
209.00 

84 Po 
(210) 

85 At 

86 Rn 

222 

7 

87 Fr 

88 Ra 

220.05 

89-96 

Actinide t 
Series 







* Rare Earth or Lanthanide Series. 


57 I-a 

138.92 

58 Cc 

140.13 

59 Pr 

140.92 

60 Nd 

144.27 

61 11 

62 Sm 

150.43 

63 Eu 

152.0 

64 Gd 

156.9 

65 Tb 

159.2 

66 Dy 

162.46 

67 Ho 

164.94 i 

68 Er 

167.64 

69 Tm 

169.4 

70 Yb 

173.04 

71 Lu 

174.99 


+ Actinide Series. 


89 Ac 

(227) 

90 Th 

232.12 

91 Pa 

231 

92 U 

238.07 

93 Np 

237 

_ 

94 Pu 

95 Am 

96 Cm 
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Table VII 


Atomic Weights of the Elements 

Atomic Number 

Element 

Symbol 

Atomic Weight 

13 

Aluminum 

A1 

26.97 

51 

Antimony 

Sb 

121.76 

18 

Argon 

A 

39.944 

33 

Arsenic 

As 

74.91 

56 

Barium 

Ba 

137.36 

4 

Beryllium 

Be 

9.02 

83 

Bismuth 

Bi 

209.00 

5 

Boron 

B 

10.82 

35 

Bromine 

Br 

79.916 

48 

Cadmium 

Cd 

112.41 

20 

Calcium 

Ca 

40.08 

6 

Carbon 

C 

12.010 

58 

Cerium 

Ce 

140.13 

55 

Cesium 

Cs 

132.91 

17 

Chlorine 

ci 

35.457 

24 

Chromium 

Cr 

52.01 

27 

Cobalt 

Co 

68.94 

41 

Columbium 

Cb 

92.91 

29 

Copper 

Cu 

63.54 

66 

Dysprosium 

Dy 

162.46 

68 

Erbium 

Er 

167.2 

63 

Europium 

Eu 

152.0 

9 

Fluorine 

F 

19.00 

64 

Gadolinium 

Gd 

156.9 

31 

Gallium 

Ga 

69.72 

32 

Germanium 

Ge 

72.60 

79 

Gold 

Au 

197.2 

72 

Hafnium 

Hf 

178.6 

2 

Helium 

He 

4.003 

67 

Holmium 

Ho 

164.94 

1 

Hydrogen 

H 

1.0080 

49 

Indium 

In 

114.76 

53 

Iodine 

I 

126.92 

77 

Iridium 

Ir 

193.1 

26 

Iron 

Fe 

55.85 

36 

Krypton 

Kr 

83.7 

57 

Lanthanum 

La 

138.92 

82 

Lead 

Pb 

207.21 

3 

Lithium 

Li 

6.940 

71 

Lutecium 

Lu 

174.99 

12 

Magnesium 

Mg 

24.32 

25 

Manganese 

Mn 

54.93 
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Table VII 


Atomic Weights of the Elements ( Continued ) 


Atomic Number 

Element 

Symbol 

" — -- 

Atomic Weight 

80 

Mercury 

Hg 

200.61 

42 

Molybdenum 

Mo 

95.95 

60 

Neodymium 

Nd 

144.27 

10 

Neon 

Ne 

20.183 

28 

Nickel 

Ni 

58.69 

7 

Nitrogen 

N 

14.008 

76 

Osmium 

Os 

190.2 

8 

Oxygen 

O 

16.0000 

46 

Palladium 

Pd 

106.7 

15 

Phosphorus 

P 

30.98 

78 

Platinum 

Pt 

195.23 

19 

Potassium 

K 

39.096 

59 

I*raseodymium 

Pr 

140.92 

91 

Protoactinium 

Pa 

231 

88 

Radium 

Ra 

226.05 

86 

Radon 

Rn 

222 

75 

Rhenium 

Re 

186.31 

45 

Rhodium 

Rh 

102.91 

37 

Rubidium 

Rb 

85.48 

44 

Ruthenium 

Ru 

101.7 

62 

Samarium 

Sm 

150.43 

21 

Scandium 

Sc 

45.10 

34 

Selenium 

Se 

78.96 

14 

Silicon 

Si 

28.06 

47 

Silver 

Ag 

107.880 

11 

Sodium 

Na 

22.997 

38 

Strontium 

Sr 

87.63 

16 

Sulphur 

S 

32.066 

73 

Tantalum 

Ta 

180.88 

52 

Tellurium 

Te 

127.61 

65 

Terbium 

Tb 

159.2 

81 

Thallium 

T1 

204.39 

90 

Thorium 

Th 

232.12 

69 

Thulium 

Tm 

169.4 

50 

Tin 

Sn 

118.70 

22 

Titanium 

Ti 

47.90 

74 

Tungsten 

W 

183.92 

92 

Uranium 

U 

238.07 

23 

Vanadium 

V 

50.95 

54 

Xenon 

Xe 

131.3 

70 

Ytterbium 

Yb 

173.04 

39 

Yttrium 

Y 

88.92 

30 

Zinc 

Zn 

65.38 

40 

Zirconium 

Zr 

91.22 
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Table VIII 



Atomic 

Number 


Atom 


H 

H 

H 

He 

He 

He 

He 

Li 

Li 

Li 

Be 

Be 

Be 

B 

B 

B 

C 

C 

C 

C 

N 

N 

N 

N 

O 

O 

o 

o 

F 

F 

F 

F 

Ne 

Ne 

Ne 

Na 

Na 

Na 


Mass 

Number 



10 

10 

11 

12 

11 

12 

13 

14 

13 

14 

15 

16 

15 

16 

17 

18 

17 

18 

19 

20 
20 
21 
22 
22 

23 

24 


Mass 


I. 00813 
2.01473 
3.01705 
3.01688 
4.00389 
5.0137 
6.0208 
6.01682 
7.01784 
8.0251 
8.00766 
9.01486 

10.01671 

10.01631 

II. 01292 
12.019 
11.01526 
12.00386 
13.00761 
14.00763 
13.01008 
14.00752 
15.00489 
16.011 
15.0078 
16.000000 
17.00450 
18.00369 
17.0076 
18.0056 
19.00452 
20.006 
19.99881 
20.99968 
21.99864 
22.0002 
22.9961 
23.9974 


Atomic 

Number 


Atom 


Mg 

Mg 

Mg 

Mg 

A1 

A1 

A1 

A1 

Si 

Si 

Si . 

Si 

Si 

P 

P 

P 

S 

s 

Cl 

Cl 

Cl 

Cl 

A 

A 

Cr 

Ni 

Zn 

As 

Se 

Br 

Br 

Kr 

Kr 

Kr 

Kr 

Kr 

Kr 


Mass 

Number 


24 

25 

26 
27 
26 

27 

28 
29 

27 

28 

29 

30 

31 

30 

31 

32 
32 
34 

34 

35 

37 

38 
38 
40 
52 
58 
64 
75 
80 

79 
81 
78 

80 
82 

83 

84 
86 


Mass 


23.9924 

24.9938 

25.9898 
26.9921 
25.9929 

26.9899 

27.9903 

28.9904 
26.9931 

27.9866 

28.9866 
29.9832 
30.9862 
29.9882 
30.9843 
31.9841 
31.9823 
33.978 

33.981 
34.9803 
36.9779 

37.981 
37.974 
39.9750 
51.948 
57.942 
63.935 
74.934 
79.941 
79.929 

80.926 
77 926 

79.926 

81.927 

82.927 

83.928 

85.929 
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X-Ray Notation 


Quantum 
Numbers 
n, l 



Ele¬ 

ment 


H 

He 

Li 

Be 

B 

C 

N 

O 

F 

Ne 


Na 

Mg 

A1 

Si 

P 

S 

Cl 


Atomic 

Number 

Z 


11 

12 

13 

14 

15 

16 

17 

18 


1,0 









Neon 

Configuration 
10 electron 
core 


K 

19 

Ca 

20 

Sc 

21 

Ti 

22 

V 

23 

Cr 

24 

Mn 

25 

Fe 

26 

Co 

27 

Ni 

28 

Cu 

29 

Zn 

30 

Ga 

31 

Go 

32 

1 As 

33 

Se 

34 

Br 

35 

Kr 

36 


Argon 

Configuration 
18 electron 





core 
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Table IX 

Distribution of Electrons in the Atoms ( Continued ) 


X-Ray Notation KLM 


Quantum 
Numbers 
n, l 


Ele¬ 

ment 


Rb 

Sr 


Zr 

Cb 

Mo 

Tc 

Ru 

Rh 

Pd 


Ag 

Cd 

In 

Sn 

Sb 

Te 

I 

Xe 


Cs 

Ba 


La 

Ce 

Pr 

Nd 

n 

Sm 

Eu 

Gd 

Tb 

Dy 

Ho 

Er 

Tm 

Yb 

Lu 


Atomic 

Number 

Z 


37 

38 

39 

40 

41 

42 

43 

44 

45 

46 


57 

58 

59 

60 
61 
62 

63 

64 

65 

66 

67 

68 

69 

70 

71 



p 

6,0 

6,1 

6,2 
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Table IX 

Distribution of Electrons in the Atoms ( Continued ) 


X-Ray Notation K L M N 


Quantum 
Numbers 
n, l 


5,2 


Ele¬ 

ment 

Atomic 

Number 

Z 

Hf 

72 

Ta 

73 

W 

74 

Re 

75 

Os 

76 


77 

pt 

78 

Au 

79 

Hg 

80 

T1 

81 

Pb 

82 

Bi 

83 

Po 

84 

At 

85 

Rn 

86 

Fr 

87 

Ra 

88 

Ac 

89 

Th 

90 

Pa 

91 

U 

92 

Np 

93 

Pu 

94 

Am 

95 

Cm 

96 


Shells 
1,0 to 5,1 
contain 
G8 electrons 


9 

10 

10 

10 

10 

10 

10 

10 

10 


Radon Configuration 
80 electron core 


6,0 6,1 6,2 


2 

6 

2 

6 

2 

6 

2 

6 

2 

6 

2 

6 

2 

6 

2 

6 


Q 

7,0 

7,1 















Appendix D 

Glossary of Some Important Terms 

Abampere — the electromagnetic unit of current; 

1 abampere =10 amperes. 

Absolute temperature of a system is equal to its centigrade temperature 
plus 273.16; that is, 

T = t + 273.16°. 

Acceleration — the time rate of change of velocity of a body; accelera¬ 
tion is a vector quantity. 

Accommodation of the eye is its ability to form retinal images of objects 
at different distances from the eye. 

Alpha rays — helium nuclei emitted during nuclear disintegration. 

Alternating current — current which changes direction periodically. 

Altimeter — instrument used for measuring altitudes. An aneroid 
barometer, calibrated to read altitude, is one form of altimeter. 

Ammeter — instrument for measuring electric current in a circuit. 

Ampere — the practical unit of current; the current, in amperes, is 
equal to the number of coulombs per second flowing past any point 
in a circuit. 

Ampere’s law the force F on a wire of length L carrying current 7, 
when placed in a magnetic field of induction B at right angles to 7, 
is F = BIL. 

Amplitude of a particle in simple harmonic motion is the maximum dis¬ 
placement of the particle from its equilibrium position. 

Amplitude of a wave is the maximum value of the particular physical 
quantity which is being propagated in the wave motion. 

Amplitude modulated wave — a radio wave formed by the superposi¬ 
tion of audio-frequency voltages on the high-frequency carrier 
wave. 

Archimedes’ principle — any object immersed in a fluid is buoyed up 
by a force equal to the weight of the displaced fluid. 

Astigmatism is a defect of the eye which is due to the fact that the 
curvature of either the cornea or the crystalline lens is not the 
same in all directions about the optic axis. 

Atmospheric pressure — the pressure exerted by the atmosphere at any 
place. Standard atmospheric pressure is equal to that exerted by 
a column of mercury 76 cm high at the temperature of 0° C. 

Atomic mass of an isotope of an element is based on the assignment of 
16.0000 for the atomic mass of the oxygen isotope of mass number 16. 

Atomic number is the number of protons in the nucleus of an atom and 
also the number of electrons outside the nucleus of the neutral atom. 
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Atomic weight of an element is based on the assignment of the number 
16.00 for the atomic weight of ordinary oxygen, the latter containing 
the normal abundance of the isotopes of mass numbers 16, 17, and 
18. 

Avogadro’s number — N = 6.0234 X 10 23 — the number of molecules 
in a gram-molecular weight of a substance; also the number of 
atoms in a gram-atomic weight of an element. 

Avogadro’s hypothesis — all gases occupying equal volumes at the 
same temperature and pressure contain equal numbers of mole¬ 
cules. 

Axis of a bar magnet — the line joining its north and south poles. 

Barometer — an instrument for measuring the pressure of the at¬ 
mosphere. 

Bernoulli’s theorem gives the relationship between the pressure and 
the velocity at any point along a streamline of a fluid in steady 
motion. The theorem states that the sum of the pressure and the 
kinetic energy per unit volume remains constant at constant level 

along any such streamline. 

Beta rays — electrons emitted during the process of nuclear disinte¬ 
gration. 

Betatron — a device for producing high-energy electrons or high-energy 
X rays. 

Bohr’s postulates in the theory of the hydrogen atom: 

1. The stationary or permissible electron orbits are those which 

satisfy the condition 2irr.wa = nh\ 

2. Whenever the energy of the atom changes from 6< to S/, it emits 
or absorbs radiation of frequency /, given by 

S< - 6/ = hf 

where h is the Planck constant. 

Boyle’s law — the product of the pressure and the volume of an en¬ 
closed gas at constant temperature remains constant. 

British thermal unit — Bin — that quantity of heat which will raise 
the temperature of one pound of water from 63° F to 64° F. 


Calorie — 
gram 

Calorie — 
raise 


a quantity of heat which will raise the temperature of one 
of water from 14.5° C to 15.5° C. 

large or kilogram calorie — that quantity of heat which will 
the temperature of one kilogram of water one degree centi- 


Capacitance of a capacitor or condenser — the ratio of the charge on 
either plate to the difference of potential between the plates. 
Capacitor or condenser consists of two conducting surfaces separated 

by a dielectric. 
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Cathode rays — electrons liberated from the cathode when it is bom¬ 
barded by positive ions. 

Center of gravity — a point in a body through which a single upward 
force equal to the resultant of all the vertical forces exerted by 
the earth on the body can be applied to keep this body in equi¬ 
librium. A single force downward, representing the weight of the 
body, can be considered as acting through this point. 

Centigrade temperature scale — one in which the ice point is assigned 
the value zero degrees and the steam point is assigned the value of 
one hundred degrees. 

Centrifugal force is the reaction of the body to the centripetal force 
which acts on it when it is moving in a circular path. 

Centripetal force is the force which acts on a body in circular motion; 
it is directed toward the center of the circle. 

Chromatic aberration — the blurring of the image due to the fact that 
the wave lengths composing the light from any one point of the 
object are dispersed on passing through the lens and are not imaged 
as a single point. 

Coefficient of friction — the ratio of the force of friction between two 
surfaces to the normal force pressing the two surfaces together. 

Coefficient of performance of a refrigerator — the ratio of the heat 
extracted from the cold source in one cycle to the work done on 
the refrigerator during the cycle. 

Commutator — a device, generally in the shape of a ring divided into 
two or more insulated segments, used for changing alternating into 
direct current and vice versa. 

Components of a vector any number of vectors which, when added, 
form a single vector R , are said to be components of this vector. 

Compound nucleus the new nucleus that is formed by the capture 
of a particle. 

Condensation the change in state of a substance from vapor to liquid. 

Condenser or capacitor consists of two conducting surfaces separated 
by a dielectric. 

Conservation of energy principle — energy may be transformed from 
one type to another without loss, and in a closed or isolated system 
the total amount of energy remains constant. 

Conservation of momentum principle — if no external force acts on a 
system, the total momentum of the system remains constant. 

Coulomb — the unit of electric charge in tfce practical system ; 

1 coulomb = 3 X 10 9 stat-coulombs. 

Coulomb’s law of force for electric charges — the force between two 
small electric charges is proportional to the product of the charges 
and inversely proportional to the square of the distance between 
them. 
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Coulomb’s law of force for magnetic poles — the force between two 
magnetic poles is proportional to the product of the strengths of 
the poles and inversely proportional to the square of the distance 
between them. 

Counter electromotive force — the e.m.f. induced in the armature of an 
electric motor. 

Critical angle of incidence of a beam of radiation on a surface separating 
two media is one which makes the angle of refraction equal to 90°. 

Critical temperature — that temperature above which the substance 
cannot exist in the liquid state. 

Cyclotron — a device for obtaining high-energy, positively charged 
particles from a comparatively low voltage source by having 
these particles move in circular paths of increasing radii and giving 
these particles additional energy twice during each periodic motion. 

Demodulation or detection — a method for separating the audio-fre¬ 
quency current from the radio-frequency current in a radio receiv¬ 
ing set. 

Density — the ratio of the mass of a sample of the substance to its volume. 

Deuterium — isotope of hydrogen of mass number 2. 

Diffraction — a phenomenon associated with a wave motion exemplified 
by the appearance of energy in the region behind an obstacle, that is, 
in the region of geometrical shadow. 

Diode — a two-element tube consisting of a filament and a plate; 
generally used as a rectifier and a detector. 

Direct current — current which flows in one direction only. The direc¬ 
tion of the current is the direction in which positive charges would 

move. 

Dispersion — the separation of a composite wave into its component 
wave lengths. Dispersion is usually produced by a prism or a 
diffraction grating. 

Doppler effect — change in pitch produced by the relative motion of a 
source of sound and the observer. 

Double refraction — the splitting up of a beam of light by a crystal 
into two linearly polarized beams whose directions of vibration 
are perpendicular to each other. 

Dyne — a un it of force which, acting on a gram mass, produces an 
acceleration of one centimeter per second per second. 

Efficiency, mechanical — the ratio of the work delivered by a machine 
to the work put into the machine. 

Efficiency, thermal — the ratio of the work done by a heat engine 
during one cycle of operation to the heat added to it during the 
cycle. 

Electric current — the motion of electric charges past any point. 



416 APPENDIX D 

Electric field intensity at a point — the ratio of the force acting on a 
small positive charge at that point to the magnitude of the charge. 

Electric generator — a device for separating positive from negative 
charges. The more common types of generator are (1) the electro¬ 
static generator such as the electrophorus; (2) the electromagnetic 
generator or dynamo; (3) the electrochemical generator or chemical 
cell; (4) the thermoelectric generator such as the thermocouple; 
(5) the photoelectric generator such as the photovoltaic cell. 

Electric lines of force — graphical representation of the intensity of 
the electric field in any given region of space. They are usually 
drawn so that the number of lines of force which pass perpendicu¬ 
larly through a unit area at any point in space gives the intensity 
of the electric field at this point. 

Electric motor — a device for transforming electric energy into me¬ 
chanical energy. 

Electromagnetic induction — a phenomenon discovered independently 
by Michael Faraday and Joseph Henry in 1831; whenever the 
magnetic field around a wire changes, an electromotive force is 
induced in the wire. 

Electromotive force or e.m.f. — generally used to designate the poten- 
• tial difference produced by the action of an electric generator. 
The e.m.f. is equal to the ratio of the work done by the electric 
generator in transferring charge through a circuit to the quantity 
of charge transferred. 

Electron the smallest quantity of electric charge known to exist 
independently. The charge of an electron is 4.80 X 10“ 10 e.s.u. 
of charge or 1.60 X 10 -19 coulombs. When used without further 
modification, the term electron refers to the negative charge of the 
above amount. The positively charged electron is usually called 
the positron. 

Electron volt (ev) — a unit of energy frequently used in atomic and 
nuclear physics. 1 ev is the energy acquired by a particle having a 
charge equivalent to that of an electron when it is accelerated by a 
difference of potential of one volt. 

1 electron volt = 1.6 X 10~ 19 joules 

= 1.6 X 10- 12 ergs. 

Emmetropic eye — the normal eye; its far point is at infinity and its 
near point is close to the eye, usually about 10 inches from it. 

Equilibrium a body is in equilibrium when its linear acceleration is 
zero and its angular acceleration is zero. 

Equilibrium the two conditions for the equilibrium of a rigid body are 
(1) the vector sum of all the forces acting on the body must be 
zero; (2) the algebraic sum of all the moments of the forces, or of 

the torques, about any axis must be zero. 
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Equivalence of mass and energy principle — a mass m is equivalent to 
an amount of energy 8, and the equation relating the two is 8 = me 2 
where c is the speed of light. 

Erg — a unit of work equivalent to that done by a force of one dyne 
acting through a distance of one centimeter. 

Evaporation takes place at the surface of a liquid when the vapor pressure 
in the space above it is less than the saturated vapor pressure. 
Fahrenheit temperature scale — one in which the ice point is assigned 
the value of 32 degrees and the steam point is assigned the value 

212 degrees. 

Faraday’s law of electromagnetic induction. One form of this law is 
as follows: The electromotive force induced in each turn of a coil 
of wire is proportional to the time rate of change of the number 
of magnetic lines of induction passing through each turn of the 
coil. A second form of this law is stated thus: The electromotive 
force induced in a wire is porportional to the rate at which the 

wire cuts the lines of magnetic induction. 

Fluorescent radiation is emitted by a substance as a result of the ab¬ 
sorption of other radiation by it. 

Focal length of a lens or mirror — the distance from the lens or mirror 
to its principal focus. 

Freezing — the change of state of a substance from a liquid to a solid. 
Frequency — the number of vibrations per second. It is the reciprocal 

of the period. 

Frequency of a wave — the number of wave fronts which pass a point 
in unit time. 

Frictional force — the force between two bodies when relative motion 
impends, or when there is relative motion of one surface with respect 

to another. 

Galvanometer — a current-measuring instrument. The most common 
type consists of a coil suspended so that it can rotate in the field 

of a permanent magnet. 

Gamma rays — electromagnetic radiations of very short wave length 
emitted by atomic nuclei. 

Geiger counter — a device for detecting and counting individual particles 
which enter it. 

General gas law for an ideal gas — the product of the pressure and 
volume of an ideal gas is proportional to its absolute temperature. 
Geocentric theory — theory of the universe having the earth at the 
center and the sun, moon, and planets revolving around it. 

Half-life period — the time required for a radioactive substance to 
decrease to half its original mass. 
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Heat — a form of energy which flows from one object to another be¬ 
cause of a difference in temperature between them. 

Heat capacity — the quantity of heat required to raise the temperature 
of a body one degree. 

Heat engine — a device for converting heat energy into mechanical 
energy. 

Heat of fusion — the quantity of heat which must be added to melt 
a unit mass of the substance at a constant temperature. 

Heat pump — a device which uses a refrigeration cycle to supply heat 
to a source by taking heat from another source at a lower tempera¬ 
ture with the aid of work done by an outside agency. 

Heat of sublimation — the quantity of heat that must be added to 
change a unit mass of a substance from solid to vapor at constant 
temperature. 

Heat of vaporization — the quantity of heat that must be added to 
vaporize a unit mass of a liquid at constant temperature. 

Heliocentric theory — theory of the universe which places the sun at 
the center with the planets and fixed stars moving in circular orbits 
about it. 

Horsepower (H.P.) — a unit of power equal to 550 ft lb/sec. 

Hydrometer — an instrument for measuring the specific gravity of a 
liquid. 

Hyperopic eye — a farsighted eye; one whose far point is virtual; 

* that is, it is situated behind the eye. 

Illumination of a surface — the rate at which unit area of the surface re¬ 
ceives visible radiation. 

Index of refraction — the ratio of the sine of the angle of incidence to the 
sine of the angle of refraction. 

Intensity of a wave at any point is the amount of energy passing per¬ 
pendicularly through a unit area at this point in unit time. 

Interference a phenomenon associated with wave motion in which 
the effect produced at any point by waves reaching it from two 
sources is determined by adding the amplitudes of these waves with 
due consideration to their phases. 

Ion — an atom or group of atoms which is electrically charged. 

Ionosphere — the region of the upper atmosphere at altitudes of about 
50 to 200 miles above sea level; it consists of layers of ionized air. 

Isotopes of an element have the same atomic number but different atomic 
masses. 


Joule — a unit of work or energy equivalent to ten million ergs. 
Kinetic energy — the energy a body possesses because of its motion. 
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Laue pattern — a diffraction pattern produced by the passage of X rays 
through a crystal. 

Lens — a transparent substance with curved surfaces. The most 
common lens surfaces are portions of spheres. 

Lenz’s law of electromagnetic induction — the induced current is in 
such a direction as to oppose, by its magnetic action, whatever 
change produces the induced current. 

Longitudinal wave — one in which the direction of vibration is parallel 
to the direction of motion of the wave. A sound wave in air is a 
longitudinal wave. 

Lumen — a unit used to express the power emitted in the form of 
luminous radiation. A standard candle emits luminous radiation 
at the rate of 4-7r lumens. 

Luminous efficiency of a source of light the ratio of the total luminous 
flux emitted to the total power radiated by the source. Luminous 
efficiency is usually expressed in lumens per watt. 

Magnetic field — a region in which a magnet will experience a force. 
Magnetic field intensity at a point is the ratio of the force acting on a 
small north pole at that point to the strength of this pole. 

Magnetic flux density — the number of lines of magnetic induction 

per unit area. 

Magnetic lines of force — graphical representation of the intensity 
of the magnetic field in any given region of space. They are usu¬ 
ally drawn so that the number of lines which pass perpendicularly 
through a unit area at any point in space gives the intensity of 
the field at this point. 

Mass number of an isotope of an element is the whole number nearest 
the atomic mass of the isotope. 

Mass spectrograph — an instrument for separating the isotopes of an 

element and determining their masses. 

Mechanical equivalent of heat — the amount of mechanical work that 
must be done on a system to produce the same change as that 
produced by the addition of a given quantity of heat to the system. 
Melting or fusion — the change of state of a substance from solid to 

liquid. 

Moderator — a light element used in a nuclear reactor for the purpose 
of slowing down neutrons. 

Moment of a force or torque — the effect of a force in producing rotation 
about an axis. It is measured by the product of the force and the 
perpendicular distance from the axis to the line of action of the 

f* orce. 

Momentum — the product of the mass of the body by its velocity. 
Myopic eye —a nearsighted eye; one whose far point is at a finite 

distance from the eye. 
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Neutrino — a particle of negligible mass and no charge but of finite 
spin assumed to be emitted during the process of beta particle 
disintegration. 

Neutron — one of the constituents of the nucleus; its atomic mass is 
1.00893. 

Newton’s laws of motion — a series of three statements which form 
the basis of the subject of mechanics. 

First law: A body at rest will remain at rest and a body in motion 
will continue in motion with undiminished speed in a straight line, 
as long as no unbalanced force acts on it. 

Second law: If an unbalanced force acts upon a body, the body 
will be accelerated; the magnitude of the acceleration is propor¬ 
tional to the magnitude of the unbalanced force and the direction 
of the acceleration is in the direction of the unbalanced force. 

Third law: Whenever one body exerts a force upon another, the 
second body exerts a force equal in magnitude and opposite in 
direction on the first body. This is sometimes called the law of 
action and reaction. 

Normal boiling point —the temperature at which a liquid boils at 
atmospheric pressure. 

Normal line — a line drawn perpendicular to a surface at any point. 

North pole of a magnet the one which points approximately toward 
the north when the magnet is suspended freely. 

Nuclear fission the disintegration of an atomic nucleus into two 
comparatively massive nuclei. 

Nuclear reaction energy is equal to the difference in the masses of the 

initial particles which take part in the reaction and the final products 
produced. 

Nuclear reactor a device which utilizes the fission of heavy elements, 

such as uranium and thorium, for the production of power, radio¬ 
active isotopes, and so forth. 

Nucleus the very small, massive core of the atom; it consists of 
protons and neutrons. 

Ohm unit of electrical resistance. The resistance of a conductor, 
in ohms, is the ratio of the voltage across it, expressed in volts, 
to the current in it, expressed in amperes. 

Ohm s law the current in a conductor is proportional to the differ¬ 
ence of potential across that conductor; the factor of proportionality 
is called the resistance of the conductor. 

Orbit of a planet — path of a planet around the sun 

Pascal’s principle — whenever the pressure on a confined liquid is in¬ 
creased or diminished at any point, this change in pressure is trans¬ 
mitted equally throughout the entire liquid. 
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Period — the time required for a complete vibration. Period is the 
reciprocal of the frequency. 

Period of a planet — time taken for a planet to complete one revolution 
around the sun. 

Permeability of a substance — the ratio of the magnetic flux density 

in the substance to the magnetizing force. 

Photoelectric effect — the ejection of electrons from a substance by 
the action of radiant energy which is absorbed by the substance. 
Photometer — an instrument used for measuring illumination, or for 

determining the luminous flux from a source. 

Polarization of a transverse wave — the resolution of its vibrations into 

two mutually perpendicular directions. 

Positrons — positively charged particles having the same mass and 

charge as the electrons. 

Potential difference between two points — the ratio of the work done 
in transferring a small positive charge from one point to the other 

to the magnitude of the charge. 

Potential energy — energy due to the position or configuration of the 

p 0W er — the amount of work done divided by the time during which 
this work is done. 

Presbyopic eye — one which has lost some of its power of accommoda¬ 
tion because of the decrease in the elasticity of the lens tissue caused 

Pressure — the ratio of the force acting perpendicular to a surface to 

the area of the surface over which it acts. 

Principal axis of a spherical lens — a line joining the two centers of 

curvature of the faces of the lens. 

Principal axis of a spherical mirror —a line through its center of 

curvature and its vertex. . u 

Proton — positively charged particle which is a constituent of a 1 

nuclei; its charge is numerically equal to that of an electron, but 

its mass is 1840 times that of an electron. Its atomic mass is 

1.00756. It is the nucleus of hydrogen isotope of mass number 1. 

Quantum of energy or a photon — an amount of energy equal to hf 
where h is Planck’s constant and f is the frequency of the radiation. 


Radioactivity — general term for atomic disintegration processes which 
are accompanied by the emission of particles by the nuclei of atoms 
with a definite half-life period and resulting in the formation of 


new atoms. . 

Ray — a H n e drawn in the direction of motion of a wave; 

pendicular to the wave front. 


it is per- 
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Rectifier — a device, such as a diode or a crystal, for changing alternating 
current to direct current. 

Reflection — two laws of reflection: 

1. The angle of incidence is equal to the angle of reflection. 

2. The incident ray, the normal, and the reflected ray are in one 
plane. 

Refraction of a wave passage of a wave from one medium into another 
in which its speed is different from that in the first medium. 
Refrigerator a device for transferring heat from a source at a low 
temperature to one at a higher temperature with the aid of work 
supplied by an outside agency. 

Regelation the process of melting a substance, such as ice, by increased 

pressure and then refreezing it by reducing the pressure. 

Resistance, electrical, of any portion of a direct current circuit is the 

ratio of the voltage across that portion of the circuit to the current 
in it. 

Resolution of vectors — method of breaking a vector up into its 
components. 

Resonance occurs when a system which is capable of vibrating at a 

definite frequency receives either impulses, or energy from a wave, 
of the same frequency. 

Resultant force — a single force equivalent to two or more forces act- 
mg simultaneously on a system. 

Self induced e.mi. the e.m.f. induced in a circuit by changes in the 
current m this circuit. 

Simple harmonic motion — a type of periodic motion executed by a 
body that is acted upon by a force which is proportional to the 
isp acement of the body from its equilibrium position and is 
opposite m direction to the displacement. 

Simple pendulum — an ideal pendulum consisting of a heavy bob sus¬ 
pended by means of a string of negligible weight. Its period of 

vi ra ion is etermined by its length and the value of the accelera¬ 
tion due to gravity. 

Snell s law of refraction the ratio of the sine of the angle of incidence 

°n ° ^ e an Sle of refraction is a constant; this constant is 

called the relative index of refraction. 

South pole the one which points approximately south when the 
magnet is suspended freely. 

Specific gravity — the ratio of the weight of a body to the weight of an 
equal volume of water. ' 

Specific heat — that quantity of heat which is required to raise the 
temperature of a unit mass of a substance one degree. 

Specific resistance the resistance of a unit volume of a conductor 
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of unit cross-sectional area and unit length provided that the cur¬ 
rent flows through only the two opposite faces of unit cross-sec¬ 
tional area. 

Spectroscope — an instrument for determining the composition of the 
radiation coming to it from any source by dispersing the radiation 

with a prism or a diffraction grating. 

Spectrum — the pattern obtained when a beam of radiation is dispersed 

into its component wave lengths. 

Speed — the distance traversed by a body divided by the time elapsed; 

also the magnitude of the velocity of the body. 

Spherical aberration — the blurring of an image due to the fact that the 
rays from a single point, when reflected by the different portions 
of the mirror surface, or refracted by the different portions of a 
lens, are not imaged as a single point. 

Stat-coulomb — the electrostatic unit (e.s.u.) of charge; 

3 X 10 9 stat-coulombs = 1 coulomb. 

Stratosphere — the layer of air above the troposphere extending from 
about ten to fifty miles above the earth’s surface. 

Sublimation — the change in state of a substance from solid to vapor. 
Supersonic speed — a speed higher than the speed of sound in the air 

in which the motion occurs. 

Thermal energy — the energy possessed by a substance in virtue of the 
energies of its constituent particles such as molecules, atoms, 

electrons, and so forth. . 

Thermionic effect — the emission of electrons by bodies at high 

temperatures. , . , 

Thermodynamics. First law: The quantity of heat added to a system 

is equal to the work done by the system plus the change in internal 

energy of the system. ... 

Second law: Heat of its own accord will always flow from higher 

to lower temperature. An alternative statement is that it is im¬ 
possible to construct an engine which, operating in a cycle, will 
produce no effect other than the extraction of heat from a reservoir 
and the performance of an equivalent amount of work. 
Thermometer — an instrument for measuring the temperature of a 

Torque'm moment of a force - the effect of a force in producing rotation 
about an axis. It is measured by the product of the force and the 
perpendicular distance from the axis to the line of action of the force. 
Transformer — consists of two separate coils near each other; these 
coils are frequently wound on an iron core and insulated from it 
Transfer of energy from the primary coil to the secondary coil 
takes place through the action of the magnetic field linking the 

two coils. 
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Translation — a type of motion of a rigid body such that any line in 
the body always remains parallel to itself throughout the motion. 

Transverse wave — one in which the direction of vibration is perpen¬ 
dicular to the direction of motion of the wave. The elastic wave 
in a stretched string and electromagnetic waves are examples of 
transverse waves. 

Triode — a three-element tube consisting of a filament, a plate, and a 
grid. 

Triple point — that temperature and pressure at which three states of 
a substance are in equilibrium. 

Uniform circular motion — motion in a circular path in which the speed 
of the body remains constant but in which the direction of motion 
is constantly changing. 

Universal constant of gravitation — the constant G in the universal 
i c Mm 

law of gravitation F = G . In the c.g.s. system of units 

G = 6.67 X 10 -8 dynes cm 2 /gm 2 . 

Universal gravitation, law of — any two bodies in the universe attract 
each other with a force which is directly proportional to the product 
of the masses of the two bodies and inversely proportional to the 
square of the distance between them. 

Uranium pile or nuclear reactor — a structure consisting of uranium 
and a moderator such as graphite in which nuclear energy is released 
through the fission of uranium by the capture of neutrons. 

Vaporization change in state of a substance from liquid to vapor. 

Vector a directed line drawn so that its length represents the mag¬ 
nitude of a vector quantity and its direction represents the direc¬ 
tion of the vector quantity. 

Vector quantity a physical quantity which has both magnitude and 
direction. Force, velocity, acceleration, electric field intensity are 
examples of vector quantities. 

Velocity — the speed of a body in a given direction; the direction of the 
velocity at any instant is always tangent to the path of the motion. 

Volt the practical unit of difference of potential. The difference of 
potential between two points, in volts, is the ratio of the work done, 
expressed in joules, to the charge transferred from one point to the 
other when the charge is expressed in coulombs. 

Voltmeter an instrument for measuring the difference of potential 
between two points. 

Watt a unit of power. The number of watts developed is equal to the 
number of joules/sec supplied. 
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Wave front — a surface in a wave all of whose points are in the same 
phase. 

Wave length — the distance between two consecutive wave fronts. 

Weight — the force with which the earth acts on a body. 

Wilson cloud chamber — a device for obtaining the tracks of ionizing 
particles which move through a gas such as air by the condensation 
of liquid drops on the ions produced along the path of the ionizing 

particle 

Work — the work done on a body by the action of a force is equal to 
the product of the force by the distance through which the force 
moves, provided that the direction of the force and the distance 
through which it moves are parallel to each other. 

X rays — electromagnetic radiations of very short wave lengths; usu¬ 
ally produced by bombarding a substance with high-speed electrons. 



t 


Appendix E 


Answers to Exercises 


Chapter 1 


3. 134.9 mi /hr. 

4. 310.59 mi/hr. 

6. 42.9 min. 

7. 18.5 min. 

8. (a) 4.44 hr; (b) 2.67 hr; (c) 11.3 
mi /hr. 

9. 5.8 min. 


12. (a) S 9° 36' W; (b) 295.8 mi/hr. 

13. W 6° T N. 

14. (a) 7.33 ft/sec 2 ; (b) 235 ft. 

16. (a) 6.87 ft/sec 2 ; (b) 15.5 sec. 

16. (a) 2.58 ft/sec 2 ; (b) 34.1 sec. 

20. (a) 1.73 sec; (b) 55.4 ft/sec. • 

21. (a) 64 ft; (b) 2 sec; (c) 64 ft/sec. 


Chapter 2 


1. (a) 17.8 cm/sec 2 ; (b) 26,700 dynes. 

2. (a) 49,000 dynes; (b) 23.9 cm/sec 2 . 

3. (a) 16ft/sec 2 ; (b) 16ft/sec; (c) 1 sec. 

4. (a) 8 ft/sec 2 ; (b) 16 ft/sec; (c) 2 sec. 

6. (a) 84 lb. 

6. (a) 2 ft/sec 2 ; (c) 15 lb; (d) 60 lb; 
(e) 45 lb. 


14. (a) 6.5 ft/sec 2 ; (b) 611 lb. 

16. (a) 4.9 sec; (b) 1680 lb. 

16. (a) 7.26 ft/sec 2 ; (b) 10,890 lb. 

17. 5 mi/hr. 


Chapter 3 


2. 900 ft lb. 

3. 2500 ft lb. 

4. 1800 ft lb. 

6. 12.5 ft lb. 

6. 554,400 ft lb. 

7. (a) 90,750 ft lb; (b) 605 lb. 

8. 1,764,000,000 ergs or 176.4 joules. 

9. 11,250,000 ergs or 1.125 joules. 

10. 1.88 sec. 


11. 24.8 cm. 

12. (a) 735,000 ergs; (b) 735,000 ergs; 
(c) 171 cm/sec. 

13. (a) 1000 ft lb; (b) 62.5 lb. 

14. (a) 62.5 lb. 

16. (a) 1600 ft lb; (b) 62.5%. 

18. 75 1b. 

19. 83%. 


Chapter 4 


4. 14.73 lb/in*. 

6. (a) 200 gm/cm 2 ; (b) 196,000 
dynes/cm 2 ; (c) 1.48 cm. 

6. 766.8 cm/sec. 


7. 0.91 gm/cm 3 4 * 6 7 8 9 10 . 

9. 34,940 lb/ft 3 ; 21,000,000 tons. 

10. 18.5 lb/in 2 above atmos. pressure. 


Chapter 5 

6. 99 X 10« ft lb. 


2. 2826 1b. 
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3. —459.67° F. 

6. 1 °F. 

8. 0.092 cal/gm deg C. 

9. 29° C. 

10. 545 cal/gm. 

11. 39°C. 

12. 10° C. 

13. 49.2° C. 

17. 60 lb/in*. 

18. 167 cm 3 . 

19. (a) 3V; (b) 3:1. 


Chapter 6 

20. (a) 82.2 cm; (b) 87.9 cm; (c) 163.8 
cm; (d) 51.9 cm. 

21. (a) 548 cm 3 ; (b) 588 cm 3 ; (c) 1092 
cm 3 ; (d) 346 cm 3 . 

22. 109° C. 

23. (a) 6.023 X 10 23 ; (b) 1.88 X 10 22 . 

24. (a) 6.023 X 10 23 ; (b) 2.99 X 10 23 . 

26. (a) Equal; (b) 4:1. 

26. (a) 61%; (b) 70%. 

27. 3 X 10 5 Btu. 


Chapter 7 


4. 1,600 stat-coul. 

6. 1.8 dynes. 

6. 6.25 X 10 12 electrons. 

7. 12 dynes/stat-coul. 

8. 15,000 dynes. 

9. (a) 60 dynes; (b) 120 ergs. 

12. 150 volts. 

13. 300 joules. 

14. 30 amp. 

16. 2400 coul. 

16. (a) 840 watts; (b) 252,000 joules. 

17. (a) 8.33 amp; (b) 120,000 joules. 

18. (a) 1.6 kwt-hr; (b) 72 cents. 

19. 280 sec. 

20. 161.3 ohms. 

21. (a) 40 ohms; (b)3amp; (c) 24 volts, 
36 volts, 60 volts. 


22. 1.38 amps. 

23. (a) 12 ohms; (b) 4 amp, 6 amp. 

24. 0.6 ohm. 

26. (a) 33.9 ohms; (b) 3.54 amp. 

27. 250 unit poles. 

28. 50 oersteds. 

29. 9000 gausses. 

30. 14,400 dynes. 

31. (a) 1.6 X 10"" dynes; (b) 2.25 cm. 

32. 25.6 volts. 

33. 20 volts. 

34. 2.16 volts. 

36. 12,000 volts. 

36. 1:60. 

37. 1865 watts. 


Chapter 8 


2. 72 candle power. 

7. 900,000:1. 

8. (a) 49 ft; (b) 2.5 ft; (c) 0.13 ft. 
11. 5 X 10 14 vib/sec. 


12. 3.31 X 10“ ,a erg. 

13. (a) 2.48 X 10" 12 erg; 
(b) 7.4 X 10 7 cm/sec. 


Chapter 9 


2. 2.25 X 10'° em/sec. 


6. 600 meters. 


Chapter 10 

7. 3 X 10* vib/sec. 


Chapter 11 


8. 2.07 ev. 

9. 2.466 X 10 15 vib/sec. 


11. 0.727 A.U. 

12. 1.315 X 10‘* vib/sec; 0.228 A.U. 


2. (b) 0.25 mgm; 0.0625 mgm. 


Chapter 12 
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Abampere, 203 

Absolute temperature scale, 157 
Absorption of X rays, 353 
Accelerated motion, 12 
Acceleration, 12 

of freely falling bodies, 19 
of gravity, 20 
Aelopile, 116 
Air resistance, 20, 37 
Airplane 

flying wing, 102 
jet-propelled, 127 
lift of, 95 
pilotless, 102 
of Wright brothers, 78 
Alhazen, 274 

Alpha particles, 317, 358, 359 
scattering of, 367 
Alpha rays, 317, 358, 359 
Altimeter, 100 
Ammeter, 208 
Ampdre, A. M., 202, 203 
Ampere, the, 182 
Ampere’s law, 203 
Amplitude of a wave, 245 
Anderson, C. D., 373 
Anderson, H. L., 384 
Archimedes, 80 
Archimedes’ principle, 80 
and specific gravity, 90 
Aristotle, 5 
Armature, 212 
Aston, F. W., 321 
Atmosphere, pressure of, 93 
structure of, 100 
Atmospheric pressure, 93 
and altitude, 94 
Atom, of hydrogen, 329 
normal state, 334 
structure of, 327 
Atomic bomb, 385, 390 
Atomic energy power plant, 391 
Atomic number, 322 
Atomic structure and X-ray spectra, 350 
Atomic weights, 320 
table of, 406 
Atoms, 319 

distribution of electrons in, 409 
electronic arrangement in, 338 
Avogadro, A., 159 
Avogadro number, 160, 320 


Avogadro’s hypothesis, 159 

Bainbridge, K. T., 321, 326 
Balloon, 77, 94 
of de Rozier, 77 
of Montgolfier brothers, 77 
Barometer, 93 
Becquerel, H., 315, 316, 357 
Bell, A. G., 296 
Bernoulli, D., 96 
Bernoulli effect, 95 
Bernoulli principle, 95 
Beta rays, 317, 358, 361 
Betatron, 342 
Bethe, H., 137 
Binoculars, 289 
Bohr, N., 318, 329, 330, 370 
Bohr’s theory of the atom, 330, 350 
Boiling point, 148 
Boiling points, table of, 403 
Boyle, R., 155 
Boyle’s law, 156 
Bragg, W. L., 345 
Bragg equation, 345 
Brahe, Tycho, 31 
British thermal unit, 144 
Buoyant force, 81 

C.G.S. system of units, 38 
Calorie, 144 
Calorimeter, 147 
Camera, 284 
Candlepower, 237 
Capacitor, 176, 301 
Carburetor, 119 
Carnot, S., 161 
Cell, electric, 182 
Center of gravity, 74 
Centrifugal force, 52 
Centripetal force, 52 
Chadwick, J., 371 
Chain-reacting pile, 384 
Change of state, 153 
Charge moving in a magnetic field, 205 
Charging by induction, 176 
Chromatic aberration, 284 
Circular motion, 50 
uniform, 51 
Cloud chamber, 364 
Coefficient of performance, 164 
Collisions, 39 
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Commutator, 212 
Compass, 171 
Components of a force, 40 
Compound microscope, 291 
Compression, 246 
Compton, A. H., 355 
Compton effect, 355 
Concave mirror, 278 
Condensation, 148, 154 
Conductor, 172 

Conservation of energy, principle of, 
59 

Conservation of momentum, 39 
Converging lenses, 280 
Convex mirror, 278 
Copernicus, N., 31, 33 
Cosmic rays, 373 
Coulomb, C. A., 173 
Coulomb, the, 174, 180 
Coulomb’s law, for electric charges, 173 
for magnetic poles, 196 
Counter electromotive force, 224 
Critical constants, table of, 403 
Critical point, 148 
Crystal detector, 310 
Crystals, 79, 347 
Curie, I., 380 
Curie, M., 316, 317, 357 
Curie, P., 316, 317, 357 
Curie-Joliot, Fr6d6ric and Irfcne, 373 

Current, 179 

direction of a, 181 
electromagnetic unit of, 203 
in magnetic field, 202 
work done by, 181 
Cyclotron, 375 

Dalton, J., 319 
Dam, 114 

D’Arsonval galvanometer, 207 
De Broglie, L., 337 
Debye, P., 348 
De Forest, L., 304 
DeLaval, 116 
Dempster, A. J., 321 
Densities, table of, 402 
Density, 86 
De Rozier, 77 
Deuterium, 335 
Diesel engine, 118, 121 
Diffraction, 243, 247, 251 
of X rays, 343, 348 
Diode, 302 
Dirac, P. A. M., 337 
Dispersion, 240, 277 
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409 

Diverging lenses, 280 
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Efficiency, 69 
luminous, 237 
mechanical, 69 

Einstein, A., 136, 268, 382, 383 
Electric cell, 182 
Electric current, 179 
magnetic effect of, 192 
Electric discharge in gases, 260 
Electric energy 

consumption of, 135 
conversion into heat, 184 
sources of, 182 
Electric field, 175 

intensity of, 175 » 

Electric lamp, 235 
Electric lines of force, 175 
Electric measuring instruments, 207 
Electric motor, 222 
Electric oscillations, 299 
Electric power, 133, 182 
Electric resistance, 186 
Electricity, 171 
Electromagnet, 201 
Electromagnetic generator, 212 
Electromagnetic induction, 209 
Faraday’s law of, 210 
Lenz’s law of, 211 

Electromagnetic theory of light, 253 
Electromagnetic waves, 298 
transmission of, 307 
Electromagnetism, 191 
Electrometer, 179 
Electromotive force, 209 
alternating, 213 
counter, 224 
induced, 209 
Electron, 172, 322 

charge of, 174, 324, 326 
mass of the, 326 
properties of the, 322 
Electrons, distribution of, in atoms, 409 

Electroscope, 178 
Electrostatic system of units, 174 
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periodic table of the, 405 
table of atomic weights, 406 

Energy, 58 

absorption of, 334 
emission of, 334 
internal, 143 
kinetic, 60 

and mass, 136, 381, 382 
mechanical, 60 
potential, 61 

principle of conservation of, 69 
quantum of, 268 
transformations of, 63 
and work, 58 
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diagram, 352 
Engine, Diesel, 121 

external combustion, 118 
gas, 143 
gasoline, 119 
internal combustion, 118 
jet, 125 
Otto, 118 
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steam, 116 
turbojet, 125 
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Equivalence of mass and energy, 136, 382 
Erg, tne, 61 
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First law of thermodynamics, 144 
Fission of nuclei, 136, 380 
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Fluorescent lamps, 263 
Fluorescent light, 335 
Focal length, of a lens, 281 
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Force, 26 
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centrifugal, 52 
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Galileo, 5, 19, 25, 45, 64, 272, 291 

Galvani, L., 133, 170, 184 
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Gamma rays, 317, 358, 362 
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Gas turbine, 124 

Gases, 78 

behavior of, 155 
electric discharge in, 260 
general law of, 157 
molecular theory of, 158 
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Geiger, H., 360, 367 

Generator, electromagnetic, 212 

Geocentric theory, 30 

Gilbert, W., 171 

Goddard, R. H., 129 

Goudsmit, S., 337 
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universal constant of, 32 
universal law of, 31, 174 
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center of, 74 
force of, 34 
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Heat, 141 

of fusion, 146, 151 
measurement of, 146 
mechanical equivalent of, 144 
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of vaporization, 146, 148 
Heat engines, thermal efficiencies of, 160 
Heat pump, 164 
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Hero, 115 

Hertz, H., 170, 253, 296, 300 
High-energy particles, 375 
Hull, A. W., 348 
Huygens, C., 64, 242, 268 
Hydraulic press, 89 
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Bohr’s theory of the, 330 
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Illumination, 233 
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by lenses, 280 
by plane mirror, 277 
Incandescent bodies, 233 
Inclined plane, 43 
as a machine, 69 
Index of refraction, 274 
Induced electromotive force, 209 
Inductance, 300 
Induction, electromagnetic, 209 
Inertia, 27 
Insulator, 172 

Intensity, of electric field, 175 
of light, 237 
of magnetic field, 196 
Interference, 243, 247, 250 
Internal energy, 143, 155 
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Isotopes, 321, 326 
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Jet-propelled plane, 127 
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Kennedy, J. W., 385 
Kepler, John, 31, 33 
Kepler’s laws of motion, 31 
Kerst, D. W., 341 
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Kinetic energy, 60 

Laue, M. von, 339, 343 

Lawrence, E. O., 375 

Leeuwenhoek, A. van, 293 

Lenses, 280 

Lenz’s law, 211 

Lever, 72 

Light, 231 

composition of, 240 
dispersion of, 240 
electromagnetic theory of, 253 
fluorescent, 262 
from gases, 259 
infrared, 257 
intensity of, 237 
nature of, 240 
sources of, 232 
speed of, 253 
theories of, 241, 268 
as a transverse wave, 252 
ultraviolet, 257, 261 
visible, 231, 257 
as wave motion, 250 
Lightning, 258 
Limiting speed, 36 
Lines of force, electric, 175 
Liquids, 78 

free surface of, 78 
Livingston, M. S., 375 
Locomotive, Diesel-electric, 123 
electric, 123 
R. Trevithink’s, 122 
Tom Thumb, the, 122 
Longitudinal wave, 246 
Lumen, 237 

Luminous efficiency, 237 

Machines, 66 
efficiency of, 69 
Macroscopic phenomena, 79 


Magnetic field, 195 

of an electric current, 199 
intensity of, 196 
representation of, 197 
Magnetic induction, 201 
Magnetic lines of induction, 201 
Magnetism, of the earth, 171, 193 
molecular theory of, 195 
Magnetizing by induction, 194 
Magnets, 193 
Magnifying glass, 287 
Marconi, G., 296 
Marsden, E., 367 
Mass, 27, 34 

and energy, 136, 381, 382 
unit of, 35 
and weight, 34 
Mass number, 322 
Mass spectrograph, 321, 326 
Maxwell, J. C., 133,170,253,268,296,299 
McMillan, E. M., 385 
Mechanical efficiency, 69 
Mechanical energy, 60 
Mechanical equivalent of heat, 144 
Meitner, L., 380 
Melting, 151 
Mendelejeff, D., 319 
Meter, the, 38 
Metric system of units, 38 
Microphone, 297 
Microscope, compound, 291 
simple, 287 

Microscopic phenomena, 79 
Millikan, R. A., 324, 325 
Mirror, concave, 278 
convex, 278 
plane, 277 
spherical, 278 
Moderator. 384, 387 
Modulated ratio waves, 305 
Molecular theory, 153, 158 
of gases, 158 
Molecules, 79 
Moment of a force, 73 
Momentum, 39 

conservation of, 39 
Montgolfier brothers, 77 
Morse, S. F. B., 295 
Moseley, H., 322, 350 
Motion, 3 

accelerated, 12 
through air, 36 
of celestial bodies, 30 
in a circular path, 50 
laws of, 25 
of planets, 31 
relative, 9 

simple harmonic, 66 
uniform, 7 
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Motor, electric, 222 
Multiplication factor, 387 

Neptunium, 386 
Neutron, 371 
Newcomen, 116 

Newton, I., 5, 26, 40, 64, 242, 268, 276 
Newton’s laws of motion, 26 
Nuclear atom, 327 
Nuclear disintegration, 369 
by alpha particles, 369 
by deuterons, 378 
by neutron, 379, 386 
by protons, 378 

Nuclear energy power plant, 391 
Nuclear fission, 136, 380 
Nuclear reaction, 370 
Nuclear reaction energy, 371 
Nuclear reactor, 136, 384 
Nucleus, 172 
discovery of the, 367 
radiations from the, 358 

Oersted, H. C., 171, 191 
Oersted, the, 197 
Ohm, G. S., 186 
Ohm, the, 186 
Ohm’s law, 186 
Optical instruments, 271 
Otto gas engine, 118 

Parsons, 116 
Pascal, B., 88 
Pascal’s principle, 89 
Pauli, W., 337 
Pendulum, 64 
period of a, 66 
Period, 53 
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Periodic table of the elements, 405 
Permeability, 198 
Phase of waves, 244 

Photoelectric effect, 238,258,264,335,356 

Photometer, 237 

Photometry, 237 

Photon, 264, 355 

Photovoltaic effect, 239, 258 

Planck’s constant h, 268, 331, 350 

Plane mirror, 277 

Planetary motion, 31 

Plutonium, 385, 386 

Polarization, 252 

Polarized light, 252 

Polaroid film, 252 

Positron, 373 

Potential difference, 180 

Potential energy, 61 

Pound, 35 

Power, 109 


distribution of, 135 
electric, 133, 182 
electromagnetic, 169 
from fuel, 115 
production of, 134 
transmission of, 133, 214 
units of, 110 
water, 112 
from wind, 111 
Pressure, 82 

of the atmosphere, 93 
in a confined liquid, 88 
and density, 85 
in a liquid, 82, 83 
Primary cell, 183 
Principal axis, of a lens, 280 
Principal focus 
of a lens, 280 
of a mirror, 278 
of a spherical mirror, 278 
Ptolemy, 30, 274 
Pulley system, 71 

Quantum theory, 268 

Radar, 307 
Radiant energy, 231 

Radiation from incandescent bodies, 233 
Radiations from nuclei, 358 
Radio receiver, 308 
Radio waves, 298 
demodulation of, 308 
detection of, 301 
modulation of, 305 
production of, 298 
Radioactive isotopes as tracers, 378 
Radioactive transformations, 362 
Radioactivity, 315, 357 
induced, 374 
Radium, 316 
Rarefaction, 246 
Rays, 244 
Rectifier, 303 
Reflection, 272 
laws of, 273 
Refraction, 272 
index of, 274 
Refrigerator, 162 
Regelation, 152 
Resistance, 186 
of the air, 20, 37 
specific, 187 
of a wire, 187 

Resistances, in parallel, 188 
in series, 188 

Resolving power, 288, 292 
Resonant circuit, 301 
Resultant, 12, 44 
Right-hand rule, 200 
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Rocket, 43, 126 
Jato, 132 
V-2, 130 

Rocket propulsion, 43 

Roentgen, W., 338, 339 

Rumford, Count, 141 

Rutherford, E., 318, 357, 360, 367, 370 

Sailing vessel, 91 
Scherrer, P., 348 
Schroedinger, E., 337 
Scientific method, 5 
Seaborg, G. T., 385 
Second law of thermodynamics, 162 
Simple harmonic motion, 66 
Simple machine, 66 
hydraulic press, 89 
inclined plane as a, 69 
the lever, 72 
pulley system, 71 
Smythe, H. D., 387 
Snell, 274 
Snell’s law, 274 . 

Soddy, F., 321 
Solenoid, 200 
Solids, 78 

Sound, speed of, 101 
Sound waves, 245 
Specific gravity, 90 
Specific heat, 144 
Specific heats, table of, 403 
Specific resistance, 187 
Spectroscope, 240 
Spectrum, 257, 277 

complete electromagnetic, 257 
Speed, 7 
average, 15 
of sound, 101 
of a wave, 245, 298 
Spherical aberration, 284 
Spherical mirror, 278 
Stanley, W., 217 
Stat-coulomb, 174 
State, change of, 153 
Steam engine, 116 
Steam power plant, 116 
Steam ships, 92 
Stopping potential, 266 
Storage battery, 183 
Strassmann, F., 380 
Stratosphere, 101 
Streamlines, 93, 96 
Structure of the atom, 315, 327 
Sublimation, 152 
Supercharger, 99 

Telegraph, 295 
Telephone, 296 
Telescope, 287 


Galilean, 289 
magnification of a, 288 
resolving power of, 288 
Temperature, 138 

absolute scale of, 157 
scale of, 139 
Thermal efficiency, 160 
Thermionic emission, 302 
Thermodynamics 
first law of, 144 
second law of, 162 
Thermometer, 139 
Thompson, B., 141 
Thomson, J. J., 302, 321, 322, 323 
Torque, 73 
Torricelli, E., 93 
Tracers, 378 
Transformer, 217 
Transmission line, 220 
Transuranic elements, 380, 386 
Transverse wave, 245 
of light, 252 
Triode, 304 
Triple point, 152 
Turbine 
gas, 124 
steam, 117 
water, 114 
wind, 111 

Turbojet engine, 125 
Turbosupercharger, 124 

Uhlenbeck, G. E., 337 
Ultraviolet light, 257, 261 
Units, 8 

electrostatic system of, 174 
Universal gravitation, 31 
Uranium pile, 384, 386 
Uranium series, 363 
Urey, H. C., 336 

Vaporization, 148, 154 
Vector, 8 

Vector quantity, 7 
Velocity, 7, 12 
Volt, the, 180 
Volta, A., 170, 185 
Voltmeter, 208 

Wahl, A. C., 385 
Water power, 112 
Water turbine, 114 
Water wheel, 113 
Watt, J., 116 
Watt, the, 110, 182 
Wave, amplitude of a, 245 
frequency of a, 245 
longitudinal, 246 
phase of a, 244 
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Wave ( continued) 
of sound, 245 
speed of a, 245 
transverse, 245 
wave length of a, 245 
Wave front, 244 
Wave length, 245 

associated with particle, 337 
Waves 

characteristics of, 243 
infrared, 257 
Weight, 34 
and mass, 34 
Wilson, C. T. R., 364 
Wilson cloud chamber, 364 
Wind power, 111 
Wind tunnel, 104 
Wind turbine, 111 
Work, 56 


and energy, 58 
Wright brothers, 78 

X-ray spectra, 350 

and atomic structure, 350 
X-ray tube, 340 

betatron type of, 342 
Coolidge type of, 341 
X rays, 338 
absorption of, 353 
and crystal structure, 347 
diffraction of, 343, 348 
interference of, 345 
as particles, 355 
as waves, 343 

Young, T., 242, 250, 268 
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